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1. BASIC PHYSICS

1. 1. UNITS AND DIMENSIONS

1. 1, 1. INTRODUCTION

Physics is a science dealing with Nature. A study of the.
properties of material bodies'in Nature under different physical
conditions forms an integral part in the study of Physies.
Measurements of physical quantities such as length, mass and
time are involved in the understanding of the properties of
material bodies. The accurate measurements of such physical
quantities form the uniqueness and the basis of Physics.

1. 1. 2. UNITS

Any physical quantity is measured accurately only in terms
of a ‘standard’ of its own kind. For example distance is measured
in Metres, msases in Kilograms and time in Seconds. These
standards which are defined and accepted by all are called the
units of length, mass and time respectively.

1. 1. 3. FUNDAMENTAL AND DER.KVED UNITS

These three units are independent of one another and are
therefore called fundamental units. The units of all other phy-
sical quantities are based upon them and therefore derived from
them. Such units are called derived units.

The unit for area is the area of a square whose side is of
unit length. The unit for volume is the volume of a cube whose
side is of unit length. Thus the unit of area or volume is derived
from the fundamental unit of length.

When we say that the speed of an object is 20 metres per
seeond, we accept the unit of speed as ‘me"e or metre se¢= ..
< second e
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1. 1. 4, SYSTEMS OF UNITS : S.1. UNITS

As a result of the experience of scientists, an attempt has been

- made to simplify science by the adoption of a system of units, the

Systeme Internationale d’ Unities. This system of units, called

the S7 system, is the outcome of a resolution of the General Confe-
rence of Weights and Measures in 1948.

In the S7 system there are six fundamental units, one eaech
for length, mass and time, another one for electric current, yet
another one for temperature and one more to measure lumiggus
intensity, two supplimentary units for the plane angle and*the
solid angle, and in addition a large number of derived units.
‘The SI system has certain features which make it legically
superior to all other systems and more conevnient in practice.
This SI system of units is the combination of the MKS units in
dynamics and the Rationalised MKS units in electricity and
magnetism with the addition of Kelvin from the field of thermal
physics and of Candela from the field of optics,

1.1.5. THE S.1. SYSTEM OF UNITS
(i) Length: The Metre (m) is the length equal to 1,650,763-73

vacuum wavelengths of the orange light. )\ =605:8nm of the
Krypton-86 discharge lamp.

(i) Mass: The Kilogtamme (kg) is the mass of one intere
national prototype preserved at the International Bureau of
Weights and Measures at Paris.

(iii) Time: The Second (5) is the duration of 9192631770
periods of the radiation corresponding to the transition between
two specified energy levels of the Caesium - 133 atom.

1.1.6 MKS SYSTEM OF UNITS

The Metre, the Kilogramme and the Second are respectively
the units used to measure length, mass and time in the MKS
system also. |

The Metre is the distance between the centres of two transe
verse lines engraved upon the polished surface of platinum-iridium
bar at the temperature of melting ice (O°C). The bar is preserved
at the International Bureau of Weights and Measures, i

The Kilogramme is the mass of the cylinder made of Platis \

nurn - Iridium kept at the International Bureau of Weights and
easures, -
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A
The Second is the time corresponding to 1/86400 th part of
the mean solar day. It may be added that a solar day is the time
interval between two successive noens which varies from day to

day in ayear. The average of all the solar days in a year is the
mean solar day.

1. 1. 7. DIMENSIONS

The fundamental units ¢f length, mass and time may be deno-
ted by letters, L, M and T. Any other physical quantity can be
expressed in terms of the fuudamental units in the form Q=
KM% LY T* where K is a measure and x, y, z are constant num-

bers. The physical quantity is said to have the dimensions
M* LY T=

Examples: (i) Area = Length X Length = [L3]

. 'D‘t & -
(ii) Speed = —:;i?:: = —%— w [LT-Y]
Mass

. M -8

(lll) Densxty = -vm = —L% = [ML ]
The dimensional formulae of some important physical

quantities are given in the following table.

S. No. Physical quantity Dimensional Formula
1. Velocity LT-*
2. Acceleration LT-?
3. Momentum MLT-*
4, Force MLT-2
5. Impulse MLT!
6. Work, Energy ML* T-?
7 Power ML? T3
8. Pressure ML~ T2
9, Angle Le
10, Angular velocity 7}
11, Angular acceleration Y
12. Surface tension MT~8
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Bt is reasonable that the dirfiensions of all the physical quanti-
ties involved in an equation should be homogeneous. In other
words the dimensions of all the terms relating to physical quanti.
ties on either side of an equation should be identical.

Examples : (i) The displacement, the velocity and time are

governed by
Displacément = Velocity x Time !
s =w
L} = [LT} x [T]
= [LT7]
= [L]

Henee the expression is dimensionally correct. = -

&) The equation of motion relating te velocities v and
u and aceceleration a ks
v = u % al
PET-' = [LT-'] &+ LT T)
{LT=1) = (LT-] + [LT-?]
Hence the equation alsois dimensionally correct,

1, 1.8, USES OF DIMENSIONS

1  The method of dimensions may be used to check up the
correctness of an equation.

2 The method of dimensions may be adopted to convert
a physical quantity expressed in ote system of units inte
anpother system of units.

Esumple: Let us find the number of dynes in one Newton
The physical quantity involved hereis the force.
The dimensional formula of force is [MLT-?]
Let x dynes = 1 Newton.

Now, x (1 gm X 1 cm X 15s72)

=1 (kg X m X s™?
= 1 (1000 gm x 100 cm X 1s7?)
=1 % 1000 x 100 X 1l (gm X cmxs~?)
= 10° (gm X cm X s %)

er x [M'][L*] [T-%] = 10° [M! L* T-%]
o X = 1.05

Hence 1 Newton = 10° dynes,



5

% The method of dimenifons may be used to derive an
equation relating to the physical quantities involved in a
problem.

Bxample :  Let us derive the formula for the period of a simple
pendulum.

| The period of a simple pendulum ¢ may depend on (i) the
mass m of the bob (ii) the length / of the pendulum and
(lii) the acceleration due to gravity g at the place

The dimensional expressions of the quantities are

. Dimensional
Quantity Expression
m M
1 L

g LT-®
tocm* ¥ g°

Writing in terms of dimensions
(7] o (M=) (L] ( [LT-9] %)
[M°L® T"] o [M* L¥+* T-%
[M*LYYAT -3 c [M°L°T ]
Equating the dimensions of each of A4, L and T on both sides,
x =0
y+z=20
—2z =1
From the third equation, z = -}. Substituting in the second
squationy = —z = + §. Thusx =0,y = + $andz = —

& tam it gt
o B g1

c:,\/—_—__-
) t-x,\/—T

where K 1s a constant of proportionality. However, the value of
™ canstant X cannot be determined by the method of dimensions.
But #t can be determined by experiment and is found to be 2 &.

woam S
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Exercise 1.1
1  Explain fundamental units and derived units.

2. Define the SI units for (a) length (b) mass and (¢) time

3 What do you understand by ‘Dimensions’ of a physical
quantity?
4. Assuming that the freguency n of a vibrating string de

pends on (i) lengthl (ii) tension T and (iii)linear den-
sity m, show

. LT
that n ¢ ; m

3 Wha are the uses of ‘dimensions’?
6. Give the dimensions of the following physical quantities:
(@) volume (b) pressure {c) specific gravity (d) density.
7 Verify whether the following equations are dimensionally
correct:
(i) s =ut+ o
{ii) F = ma
(i) s = rgt \
(s- displacement, w- velacity, & - acceleration, g - accle-
ration due to gravity, t-time, m- mass and F- force)

1. 2. DYNAMICS
L.2.1 INTRODUCTION |

In dynamics, we study the motion of bodies under the action
of forces,

Matter may be defined as that which occupies space and
affects our senses continually, A limited portion of matter is

called a material body. The mass of a body is the quantity of
matter contained in it.

A particle may be defined as a small body in which th
distance between its neighbouring parts is negligibly small, .
particle is considered to have a definite mass though small. T!
position of a particle at any instant may be denoted by a poi
A material body may be considered to be made up of 2 ¥
large number of particles,
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"A body issaid to be in motion if it changes its position
continuously with respect to its surroundings.

The path of a body is a curve drawn through the successive
positions occupied by the body,

The speed of a body is the rate at which it describes its path,
In measuring the speed of a body we do not take into account
the direction of its motion. Speed has only magnitude. A physical
quantity possessing magnitude alone and not involving direction
is called a scalar quantity.

On the other hand a physical quantity possessing both magni.
tude and direction is known as a vector guantity,

1.2.2. 'SPEED AND VELOCITY

The speed of a moving body is said to be uniform if it covers
equal distances in equal intervals of time, however small these
intervals may be, When the speed is uniform, it is measured by.
the distance traversed in unit time.

Displacement of a moving body is its changes of position
measured by the straight line joining the initial and final posmon:
of the bady (Fig, 1-1.)

A o . B
FIG - 1. 1.
Displacement

if the the initial and final positions of a moving body are
represented by points 4 and B, the distance 48 gives the displace-
gnent of the moving body.

Displacement has both magnitude and direction. The length of
the line AB represents the magnitude cf the displacement and the
direction of the line represents the direction of the displacement.

Velocity: The velocity of a moving body is the rate of change
of its displacement. Hence, velocity is a vector quantity.

Uniform velocitys The velocity of a body is said ‘to be uni~
Jorm if it undergoes equal displacements in equal intervals of
time, hawever small these intervals may be.. —

v
o IS
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1. 2. 3. ACCELERATION v

When the velocity of a body changes in magnitude or in
direction, or in both, the body is said to have an acceleration.
Aceeleration of a moving body is defined as the rate of change
of its velocity. Acceleration is measured by the change in velo-
city per unit time. If the velocity of a bedy changes frem u to v
in a time 1, its acceleration is given by

v—u
qa = —
H
The unit of acceleration in both the MXS system and the S/

system is metrefsec® (m 5-2)

UNIFORM ACCELERATION

The acceleration of @ body is seid te be uniferm if it meves in
the same direction and equal ehanges in veleglty take place in
equal intervals of time, however small the time intervals may be.

If the velocity of the body increases, its acceleration is
positive. If the velocity of the bady decreases, the acceleration
is negative and is called retardation.

2.2, 4. EQUATIONS OF MOTION

Consider a body starting with an initial velocity ‘v 'moving
under a uniform acceleration ‘a’. Let its velocity change to ‘v*
in an interval of time ? and let the distance traversed during
this time be s,

From definition, the acceleration

v—u ‘
a - —';“ ses m
or ve=ue a
& vsu4at o .. 3]
As the acceleration is unfform the véjoeky of the body -
changes uniformly. -
4 v :
Average velocity of the body = =3 | *
Distance traversed by the body =  Average veleeity X time
e "# & e Yk v,JA . ‘ ) (4)

2

-
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Substituting v = u + at from (2)

s Wruta) .,

2u  at
- (F+5)
Sullt-}-%lt’ s (SJ

Now, s - —-Liz'—-ﬁ t  trom (4) ,

Ory. V + U = s we (6)

(e uUy(y—u) - ——at

Ve—u'=2as i w (7
v =ul & 2as ‘.. 8)
The equations (2), (5) and (8) viz, ‘
. v=u+4at ’
swmut+tat?
v eyl 4 2as
are called equations of motion of a body moving with uniform
acceleration.

1. 2. 5. ACCELERATION DUE TO GRAVITY

- The most familiar example of motion with uniform accele-
ration is_that of a body which falls towards the earth. 1In the
absence of the resistance of air, it is found that all objects, regard-
less of their size or weight, are subjected to the same acceleration
at a given place on earth. This acceleration exerted by the earth
on the body is called the acceleration due to gravity of the earth
and is denoted by the letter ‘g’. The value of ‘g’ varies from
place to place, being maximum at the poles and minimum at the
equator, the maximum value being 9°83.m s-9 and the minimum
value being 78 m s79. For practical calculations, we use the
approximate value of 98 m 39 f6r g.
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'(i) Bodies thrown vertically upwards

Consider a body thrown vertically upwards from a point on
the ground with a velocity . Here its initial vel?city is 'in the
upward direction while the acceleration due to gravity acts in t.hc
downward direction, So the body is subjected to a negative
acceleration,

lhe.a = —g b

The equations of motion become
vV = Uuw-gt : P )
’ s = ut—igd we (10)
and v = ¥l — 2gs S e (1)

(ii) Bodies thrown vertically downwards

For a body thrown vertically downwards,from a point above
the ground, with a velocity u, the direction of u is downwards
and the acceleration due to gravity also is in the same direction.
The body is therefore subjected to the positive acceleration g.
Hence the equations of motion are ‘

y = U + gt ’ . 1YY (12)

S = ut <4 %g,? . YY) (l3)

‘ v o= 2 . 2gs ) ) (M)
(iii) Bodies dropped from a point “

If a body is dropped from a point, it is known asafr'cely
falling body. In this case# = o and the equations of motien
become

. vV = g1t 4 o (|5)
s = 1g8 - (16)

and W = 2g5 : !  (17)
Example 1 N .

A body thoving in a straight line with an initial velocity of
4 m s~! travels a distance of 140 metres in 10 seconds. Calculate
(i) the acceleration (ii) . the velocity at the end of 5 seconds and
(iii) the velocity when it has travelled 32 metres.

(i) u = 4mst, s=140m, t =105 q=7?
We know that, s = ut 4 } g9
or ut + 3 at* = s ¢

gl VAT o

W
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=
1

2 - Y
o (s~
2
* 100 (140 -4 x10)

2
€ 7‘6"0_“40“40)

2

"

2 ms—d

2ms=d, t=85s,v=2?
U4 ai

442 x93

44 10
14ms?

i. e. the velocity at the end of S seconds is 14 ms=*

i. e. acceleration
(i) u=4ms=t, a
We know that v

1]

b2 ) S I ¢

(i) u=4ms-t, §=32m, a=2ms?, v=?

v = w4 2as
= (4x4)4 (2 X 2 % 32)
= 16 4 128
= |44

vy = 12ms-?

The velocity when it has travelled 32m is 12ms=

Example 2

A body is moving in a straight line with an initial velecity
20 m s and a uniform acceleration of 6 m s~* Find the
distance travelled in the 10th second of its motien.

Distance travelled in the 10th second

Distance travelled in 10 seconds — Distance travelled
in 9 secends.

(20 x 10 4 3 x6x10%) — (20x9) + (3 X6Xx9M)

(200 4 300) — (180 + 243)

500 — 423

-« 17 metres.

i

Honn
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Example 3

A stone is dropped from the top of a tower of height 122:5m.
After what time will it reach the ground? What will be the
velecity with  which it will strike the ground. (Assume
£=98ms-?)

$inec the stone is dropped, its initial velocity

u=0
a=g =98ms*?
-New s=ut +}ar®
= 0+ gt
2s
'...———-

Substituting 8 = P
&t =5 seconds.
It will reach the ground after 5 seconds.

Next v=u 4 dl,
Hence v=gt :
- =9-8x5=49ms" <

~_

" It reaches the ground with a velocity 49 ms-

Example 4

A hody is throwa vertieally vpwards from the ground with
a velocity of 39°2 m s~* Calculate (i) the maximum height
reached by the body (ii) the time elapsed before it reaches the
ground. (Assume g = 9-8 m 3-%)
(i) When the ‘body reaches the maximum height, its final
‘v‘elocity v= 0
u=392ms"
az=—g=—98ms1?
3=2?
We know W =ul4 2as

T
&n:——g
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39-24
2% 98
¥ x W2
2% 9%
84 m

it

The maximum height reached is 78-4 metres.

(ii) When the body falls back to the ground the total
displacement 4 5~ s =0

or wut 4+ bat? =0

ut — kgt® =0
u—ip =90 (1 = 0)
2 2 x 392
Bt tTeE
= 8 seconds,

It reaches the ground after 8 seconds. \

«. 2.6, LAWS OF MOTION

A force has to be apphed on a body to bring abeut its
motion or change of motion,

A train moves because it is pulled by the engine. The train
is stopped when the brakes are applied and unow, a foree is
applied in a direction opposite to the direction of motion of the
train. Similarly, to catch a moving cricket ball or to stop the
ball, tre flelds-man has to exert a force in a direction opposite to
the direction of mction of the ball. From these examples, it may
be seen that a force has to be applied whenever a change of its
state of rest or of motion of a body has to brought about.

Momentum: Tlie momentum of a body is measured by the
product of its mass and velocity. If m is the mass of the body
and v ifs velocity, the momentum of the body is mv. Momeatum
has both magnitude and direction amd it is therefore a vector

quantity.
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Newten’s Laws of Motion

Law I:  Every body continues in its state of rest or of uniform
motion in a siraight fine unless it is compelied by an exiernal force
acting on it.

There are two parts in this law. The first part says thata
body at rest will continue to remain at rest unless a force acts on
it. The second part of the law says that a body which is in
uniform motion will continue to do so unless a force acts on
it. This at first sight appears contrary to our experience, because,
we find that a ball set rolling on a floor, stops after some time.

A more careful observation shows that the ball stops
because external forces like the force of friction and the resistance
of air act on it. If the ball and the floor are both made
smooth, the ball will travel a much longer distance before it
comes to rest. if the forces due to friction and air resistance are
completely eliminated and floor is perfectly smooth, then the ball
will move continuously on the floor establishing the truth of the
frst law.

The first law gives us the principle of the inertia of matter,
The inability of any object to change, by itself, its state of rest or
of uniform métion in a straight line is called the ineriia of the
body. Any material substance has intertia depending on its
mass,

Example: Suppose a person jumps out of a moving train on to
the platform. His feet are brought to.rest suddenly, whereas his
head and the upper part of his body are trying to move in the
direction of moation of the train. Hence normally, he falls
forward. If he wants to avoid falling down, he will have to move
his feet also in the direction of motion of the train. Thus he can
avoid the accident of falling down on the platform, if he runs
forwatd upto some distance and then stops.

The first law also provides the definition of forees
Force is action exercised on a body so that it changes or tends to
change the state of rest or of uniform motion of the body.

Law Xl : The rate of change of momentum of a body is
directly proportinal to the impressed force acting on it and takes
place in the direction of the force.
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This law gives a methed of measuring force. From the
first law, we know that when 2 force acts on a body, it produces a
change in its velocity and therefore a change in momentum. Sup-
pose a constant force F acts on a body of mass m moving with a
velocity u and changes its velocity to v in a time ¢

Initial momentum of the body =mu

Final momentum of the body =my

Change of momentum = my—muy
niy—pnid -
¢ Rate of change of momentum = - = ﬂ;:ﬂ
Yoy

——

But the acceleration & "

& Rate of change of momentum = mia.

The second law states that the rate of change of momentum
is ditectly proportional to the force Fie. ma e F or F o ma,

3 F = k ma.

where & is a constant of proportionality. Its value depends on
the choice of the unit in which the force is to be measured.

Let us define the unit of force as that force which acting on
unit mass produces unit acceleration. When the unit of force is
so chosen,

F=1 whenm=1anda=1.
F=kmabecomes L =k X 1 X lork=1
F = ma. o (18)

Hence the force acting on a body is measuréd by the product
of the mass of the body and the acceleration produced by the
force on the body.

Unit of force: Thc unit of force in the M. K. S. system
is the mewton. It is the force acting cn 2 body of mass 1 kilo-
gram producing an acceleration of 1 m s~%,
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’

In the 8/ sysem also the unit of force is the newtonr. It is
cepresented as N (N = kg m 5-8), Newton is the absolute unit
of force. The unitof force depending on the gravitational

attraction of the earth is called the gravitational unit. .

In the MKS system, the gravtiational unit of force is the kilo
gram weight. It is the forcc of attraction exerted by the earth on a
body of mass I kilogram.

s | kilogram weight = g newtons

where g is the aceeleration due to gravity, If g =98 mg~?ata
given place, | kilogram weight = 98 N. The gravitatiopal
unit of force varies from place to place since it depends on the
acceleration due to gravity, However, the value of the accelera-
tion due to gravity at a place is always a constant,

Mass and weight: The mass of a body is the quanuty o1
matter contained init. But its weight is the force of atiraction
exerted by the earth on it. If m is the mass of a body and g the
acceleration due to gravity at the given place, the weight of the
body = mg newtons. The mass of a body is a sealar quantity,
whereas the weight is a vector quantity.

Law IIl. Every action has an equal and opposite reaction.

This law implies the presence of two bodies. Action is the
force exerted by one body on another. Reaction is the force
exerted. . at the same moment, hy the second body on the first,
These forces, according to this law are cqual tn magnitude but
opposite in direction.

The following illustrates the third law of motion. When you
strike against a stationary wall, you are exerting a force on the
wall. This is action. The wall exerts an equal force on your
hand at the seme instant; This is reaction. These two forces are
equal, but their directions are opposite.

The third law gives us the law of conservation of momentum
The law of conservation of momentum states that the total momen-
tum of a closed system of bodies in a given direction remains un-
glicred as a result of collisions among themselves,
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We can prove this law in the case of a direct impact between
two bodies.

Suppose a body A of mass m, moving with a velocity u,
eoMides with another body B of mass m, moving with a velocity
u,. After collision let their velocities be changed to v, and v,
respectively. Let us for the sake of simplicity take the direction
of u,, u,, vy and v, to be the same. During the collision, let F,
be the force exerted by 4 on B. Let F, be force exerted by B
on 4 in the opposite direction. Let 7 be the time of contact
during collision. Then by the third law of motion,

. /F 1 = —F, 2

Now, F, acting on m, for a time ¢ changes the velocity of m,

from u, to v,.
uf “2
m I

H ’nz
—  —
] ty m2
v& vz
' e
Tig, 1-2

Collision between two bodies

& F, = mass X acceleration of the second body

Vo — U,
=m, ————;—-—

Similarly F, acting on m, for the same time ¢ changes its
velocity of m; from u; tov,.

F, = mass X acceleration of the first body

vl ""'u‘_
="11 —-—-—-t-——-—'
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Since F; = — F,

’ Vo—Ug vy—u,
¢ e\ - M\
A my (Vo —Ug) = —my (vy —uy)
ies m, Vo—m, Uy = —my v, + My Uy

it

Or Mg VoM, V=M, Uy + M U,
The total momentum after impact

= the total momentum before impact.

. (19)

The collision has not produced any change in total momen-
tum of the closed system of two bodies. This is the law of conser-
vation of momentum. The law can bs applied to any number of
impacts among any number of bodies in a closed system.

Example 1: A train of mass 240 tonnes starts from rest
and attains;a speed of 45 kmph in one minute, Calculate the net
force exertd by the engine on the train assuming it to be uniform.

45 % 1000
Speed = 45 km | h = 60 % 60 ms-t = 125 m s}
Initial velocity u = 0. After 60 secomds the final velocity
v=125ms!
., o v—u 125
a= =g ms
Mass m = 240 tonnes
. = 240 x 1000 kg
Tl'::s net uniform force exerted by the train.
F=ma ,
240 x 1000 x 12-5
N 60

= 50,000 newtons
]
Example 2: A body A4 of mass 10 kg moving with a
velocity of 5 ms~! impinges directly on another bedy B of mass

20 kg atrest. If after impact 4 comes to rest, calculate the
velocity of B, .- .
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m, =10 kg u, =5ms-* v, =0
m, =20 kg u, =0 Ve =7
From the law of conservation of momentuym,

total momentum before impact
= total momentum after impact

MUy, o+ Mg, = MgV M, Y,
G myu, = My Vv,
ny 10
-3
v, = —u, =7-x5=25ms
? m, ' 20

After collision, B moves with a velocity of 2'3 metres per
second.

1.2. 7. WORK, POWER AND ENERGY

If a force acts on a body and tie point of application of the
force moves, then work is said to be done by the force.

If the force is F and it moves the body through a distance s in
its direction, then the work done by the forceis given by

W=Fxs .. {20y

)
‘ F

An,‘:}::é cvnan , o
1 Fesep | ©
[T Q"

Fig. 1-3
Work cdore by a force

Suppose a force F a:ts along the direction 4B and the body
moves along AC. Then tie vork done in this case is given by the
product of the component cf the force in the direction of moticn
and the distances through which the body is moved. If @ is the
angle between the direc'ion of the force and direction of motion
of thz bady, work dene, ¥ = F cos @ X 5. Hence work done is
equci to the product of the cc mparent of the force in the direction
of motion and the dis:ance 1 avelled. C e



20
If g=0°% W=Fs
If @ =93 ie Fisin adircction perpendicular to the direc-

ticn of motion, cos 90 =0 and V' = 0,

Unit of work : In the MKS sysicm the unit of work is
Joule. It is the amount of work done when the point of application
cf a force of one newton is displaced through a distance of one
metre in the direction of the force.

In the SI units, it is represented as J
J=Nm

Power : The rate of doing worl iz called power. It is
measured by the amount of work done in unit time.

W Fzxs
Power = Rl - P

Unit of Power: In the MKS system the unit of power is

called watt. A4 watt is the power when work is donc at the rate o f
one joule per second.

In the ST units, it 35 represented as W .
(W=Js"1)

A larger unit of power is called the kilowart. A kilowatt is
equal to 1000 watis. Power consumred at the rate of 1 kilowatt

for 1 hour is called 1 kilowatt-hour and it is called the Unit in
electrical energy consumption.

Energy: The encrgy of a body is its capacity to do work and
i5 measured by the amourt of the work that it can perform.

Since the energy of a body is measured by the amount of
work it can perform the unit of energy is the same as that of work.

There are many forms of encrgy such as mechanical energy,

heat energy, light energy, electrical energy, chemical encrgy and
atomic or nuclear energy. - -t

There are two forms of mechanical energy viz. (i) poteniizl
energy and (ii) kinetic energy.
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The potential energy of a body isthe energy it possesses by
virtue of its position or state of strain.

Examples : Water stored up in a reservoir; a wound up
spring; a stretched rubber cord; compressed air.

For a body of mass m remaining at rest at a height h above
the ground, the potential energy = mgh.

Let a body of mass m be initially at rest at a height 4 abave
the ground. The work done in raising the body from the ground
to that height is stored as potential energy in the body. When
the body falls, the same amont of energy can be obtained from it.
To lift the body vertically up, a force mg equal to the weight of
the body should be applied upwards When this force moves the
body vertically through a distance 4,

Work done = Force X distance = mgh

os Potential energy = mgh

M misin Kg, his in metres, and g is in m 5 ~%,
the potential energy = mgh joules

The kinetic energy of a body is the energy possessed by it on
accoun! of its motion.

Consider a body of mass m moving with a velocity v Sup- .
pose a force Facts on the bady in the oppsite direction and brings
it to rest in a distance £. Now, the work done by the body against
the opposing force will be equal to the initial kinetic energy of the
body.

Kinetic energy = Fx s
=maxs

Since the final velocity is zero, from the equation of motion

(2 =u* +2as)
we get 0=v2 4 2as
ve

00 a=-2s
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‘The opposing force = — ma = m {,‘
8
& K. E. :(m"z-; X 8= }myd
Ifm is in kilograms and v is in ms—! the kinetic energy of
the moving body is in joules,

Law of Conservation of Energy

Energy can neither be created nor destroyed, but can be trans-
Jormed from one form to another.

This law holds good for all forms of energy. Consider the
case of a freely falling body. When it falls, it experiences a loss
of potential energy but there is a gain of kinetic energy. At any
position during its fall. the loss of potential energy is equal to the
gain of kinetic energy. Similarly when a current is passed through
a coil of wire, the amount of heat energy produced in it is equal
to the amount of electrical encrgy consumed. Thus during any
transformation of energy, there is no lass or gain of energy but
there is only a change of energy from one form to another.

Verification of the Iaw of conservation of energy for a freely
falling body

(i) Let a body of mass m be at rest at a point A at a height
s above the ground.

Potential energy at A = mgh
Kinenic energy at 4 = 0

S At A, PE. + K.E=mgh+ 0=mgh Joules.
.3

(ii) Let the body strike the grouad with a
velocity v, Then

v = 2gh
o Kinetic energy at B = 1 »m»®
=% m2h

= mgh joules.
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Potential energy at B= mgh=mg x 0 = 0.
At B,PE. + KE. =0 + mgh = mgh joules

(iii) Consider any intermediate point C
at a depth x belowA. C is at a height
(h—x) above the ground.

o5 Potential energy at C = mg (h—x)
If after falling through a distance x g
the velocity is v, then v? = 2gx h
o The kinetic energy at C = } mv?

s dm. 2 gx =mgx
At C, PE+K.E. =mg(h—x)4+mgx

= mgh joules.
] ..iL___i._

Hence the total encrgy of the body Fig. 1-4
remains a constant throughout the motion, Freely faliing body

Example 1: Calculate the amount of work done in drawing
a bucket of water weighing 5 kg from a well of depth 10 m.
Work done in lifting 5 kg of water through a height of 10 m
= mgh
5x98x10
490 joules.

i

Example 2 : A man weighing 60 kg runs up a flight of stairs
3 m highin 4 seconds. Calculate the power developed by him,

Work done = mgh
60 x 9.8 x 3 joules
w

t

60 x 9°8 x 3
T
441 watts.

A

i

1]

Power develognd

Y

H



10.
11.

12
13

14
Is

I6.

24

Exercise 1. 2.

Explain what is meant by (a) a particle and (b) a bod y
Explain what is meant by (a) displacement and (b) velo-
city of a particle. '

Define “uniform velocity; What is meant by ‘average velocity’?
Define uniform acceleration.

Derive the equations of motion for a particle subjected toa
uniform accleration.

What is ‘acceleration due to gravity'. Derive the equations of
motion for a body subjected to acceleration due to gravity.
State Newton's laws of motion.

Define Farce. How does the second law of motion help us to
measure force ?

Explain 'Inertia’ of a body with examples.
Explain the “law of conservation of momentum’.

Establish the law of conervation of momentwm in the case of
a direct collision betwe m two bodies.

What is the unit of force?

Define the terms: work, power and energy. What are the
units in which they are measured?

State the law of conservation of energy and explain.

Define kinetic energy and potential energy. Derive the expres-
sions for potential energy and kinetic energy.

Establish the law of conservation of momentum in the case of
a freely falling body.



1. 3. STATICS

1.3.1. INTRODUCTION

Statics is the branch of mechanics dealing with the equili-
brium of a body acted upon by a system of forces.

1.3.2. SIMPLE MACHINES

A simple machine is a device by which a force applied at one
peint in one direction is made availzble at some other point,
altered in magnitude or dirction or both. The lever, the pulley,
the wheel and axleand the inclined plane are some examples of
simple machines,

The force applied to the machine is called the power or effort.
The force which is overcome is called the weight or load.

MECHANICAL ADVANTAGE

In a simple machine, when the power P just balances the
load W, the ratio of the load to the power is called tne mechanical
advantage of the machine. The mechanical advantage of the

W

simple machine = 2

VELGOCITY RATIO

Let the point of application of the power applied to the
machine be moved through a distance ‘x’ in the direction of the
power. As a result of this if the point of application cf the load
moves through a distance ‘)’ along the line of action of the load,
the ratio x[y is called the “'velocity ratio” of the machine.

Velocity ratio of the simple machine is defined as the ratio of
the displacement of the point of application of power to the dis-
placement of the point of application of the load in the same time. .

EFFICIENCY OF A SIMPLE MACHINE

Suppose a power P applied to a machine moves its point of
application through a distance x in its direction. As a result of it,
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Jet the point of application of the load move through a. distance
y in the same interval of time.

Work done by the power = Pxx. This is the work supplied
to the machine.

Work done by the load = Wxy. This is the useful work
turned out by the machine,

Efficiency of a simple machine is the ratio of the useful work
done by the machine 1o the total work supplied to the machine.
Useful work done by the machine
Total work supplied to the machine
Wxy
= Pxux
wo_ox
= P L4 y
. Mechanical advantage

[}

& Efficiency

Velocity ratio
Efficiency is usually expressed as a percentage.

In an ideal machine no friction is present. Therefore all
the work supplied to the machine is spent in overcoming the load
and the effigiency is equal to unity. In practice, a certain amount
of friction is always present in the machine. So the work turned
out by the machine is less than the work supplied to the machine
and the efficiency is less than unity,

As the efficiency is always 'less than unity, the machanical
advantage is always less than the velocity ratio.

1. 3. 3. PULLEY

A pulley consists of a small wheel or disc made up wood or
metal. It can rotate about an axis though its centre and perpendi-
cular to its plane. 1t hasa groove along its circumference in which
astring can be passed. It is held in a frame called the block.
If the block is attached to a fixed support it is called a fixed pulley,
If the block is free, it is called a movable pulley.

SINGLE FIXED PULLEY

Here the block of the pulley is fixed to the rigid support, for
example a roof or & beam. This is used to raise loads. The ioad
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is attached to one end of the string passing round the groove of
the pulley and the power is applied to the other end of the string.
(Fig. 1-5). A small fixed pulley has a mechanical advantage unity
if friction could be neglected. It is chiefly used to facilitate
application of the effort in a convenient direction.

SINGLE MOVABLE PULLEY ’ e

Here one end of the string is passed around a movable pulley
and is attached to a fixed point. The effort P is applied to the
other end passing round the fixed pulley B (Fig. 1-6).

The load W is attached to the block of the movable pulley 4.
If we assume that there is no friction, the tension of the string
is the same at all points. When the segments are vertical the
wtal upward force in the movable pulley = P 4+ P = 2P,
If we neglect the weight of the movale pulley, the total
downward force = W. If the pulley is in equilibrium,

W=2P.

w
e Mechanical advantage P 2

Fig. 1-5 Fig. 1-6
Single fixed pulley Single movable pulley

SYSTEMS OF PULLEYS

With a single movable pulley, the mechanical advantage that -
can be obtained is only 2. To obtain a larger¥mechanicai advan-
tage, a number of movable pulleys inay be used. The pulleys can
be arvanged in three different systems,
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‘FIRST SYSTEM OF PULLEYS

Here a separate string passes through each movable puHe§ .
One end of cach string isattached to a fixed support, the other end
being attached to the block of the next movable pulley. The load
is suspended from the block of the lowermost movable pulley. The
power is applied at the free end of the string passing over the

| - -

¢ ¢ ¢

Fig. 17
First system of pulleys

top-most movable puiley. For convenience of direction, the power
, is applied after passing ihe string over a fixed pulley.

Let the tension in the first string be equal to P the power
applied. Let P, and P, be the tension in the other two strings.
Considering the equlibrium of the lower-most puiley W=2pP,
neglecting the weight of the pulley.

Considering the equilibrium of the next movable pulley. i

Py = 2P,; Similarly P, = 2P;
o W 2P, =2X2P, = 2X2X2P =8P

& Mechanical advantage ——‘;— =8 :2%
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When there are three movable pulleys, mechanical advan-
tage is = 23,
If there are n movable pulleys, the mechanical advantage
w

5 =2 v (22
Here the weights of the pulleys have been neglected.
SECOND SYSTEM OF PULLEYS o

Here there are two separate blocks, each
containing usually the same number of pulleys,

the upper one being fixed and the lower

movable. One end of the string is attached l
to the bottom of the upper block, and the
same string passes round all pulleys in succes-
sion. The load is attched to the lower block

and the power is applied to the free end of the
string.

of the string which just balances a load W.
Since the same string is passing round all the
pulleys. the tension is same at all points of the

string and is equalto P (The weight of the >
lower block is neglected). H

Let P be the power applied to the free end < )

Considering the equilibrium of the load |l le}
W = 6P . AlAP
W o

]
00

p =6

w
oo Mechanical advantage P 6.

This is equal to the total number of seg- CD

ments of the string supporting the load i.ec.
total number of pulleys in both the blocks.

o W —_ w

oo P - n vee (23)
where n is the total number of pulleys in both ad,
the blocks. Fig. 1-8

. Second system of pulleys
THIRD SYSTEM OF PULLEYS
Here a separate string passes over each pulley. One end

of each string is attached to the load. The power is applied to the
free end of the Jast string.
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Let us suppose the power P applied to
the last string just balances the load W.
Then P is the tension in the last string.
Let P, P, and P, be the tensions in the
other strings:

Considering the equilibrium of the
lowest pulley, P, = 2P

Similarly P, =2P, =2x2P = 4P
o Py=2P,=2x%x2x2P=8P

Considering the equilibrium of the
weight W,

W=P 4+ P, +P, + P4
=P 4+ 2P + 4P 4 8P T——’
=15P w
=@*— 1P Fig. 1-9
o WP =2 —1) Third system of pulleys
&5 The mechanical advantage = (2*~1) ‘

If the total number of pulleys is n,the mechanical advantage

29

— = 201

, P -
Here also the weights of the pulleys are neglected,

1.3. 4. REQUISITES OF A GOOD BALANCE

A good balance is one which can measure a mass correctly
accurately aud quickly. In order to achieve this, a balance
must have the following requisities: (a) truth (b) sensitiveness
and (c) stability. ,

(a) TRUTH

A balance is said to be true, if the beam remains horizontal
when both the pans are empty or equally loaded. It can be shown
that for a balance to be true,

(it the arms of the balance should be of equal length and
(i1) the scale pans should be of equal mass.
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(b) SENSITIVENESS

A balance is said to be sensitive if the beam deflects through a
large angle even for a small difference between the weights placed
in the two scale pans. The sensitiveness of a balance can be shown
to be high if,

(i) the arms are long
(ii) the beam islight and
(iii) the centre of gravity of the bcam is close to the,
central knife edge.
(c) STABILITY

A balance is said to be stable if the beam returns quickly to
the equilibrium position after being disturbed. The stability of a .
balance will be high, if

{i) the beam is heavy and
(i) the centre of gravity of the beam is far away from
the central knife edge.

Thus it is seen that the conditions for sensitiveness are oppo-
sed to the conditions for stability. In practice this is not a serious
handicap because quick weighings need not be done accurately
and accurate weighings can take some time and there are separate
balances designed for the different purposes.

1.3.5. GAUSS METHOD OF WEIGHING WITH A
FAULTY BALANCE a b

Suppose a balance has unequal A
arms a and b. Let a body weigh W,
and W, when placed successively in
the two pans. Let W be the true

weight. ; A 4 A 4
, w Wy
Taking moments about the ‘
central kunife edge, a b .
Wx a = W; xb..(25)
WXxb = W, X a..(26)
(1) X (2) gives
Weab=W, W,ab v
W = W,W, Wo

A

S W =W, W,..(27)
; Fig. 1-10
Gauss method of weighingw
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O . a W, b
Also oy 8Wes 5 = X7
@ w,
:_l—)* = W,
o a - W, | )
0o 3 - A/ W, v (28)

1, 3.6. FRICTION CLUTCH

A clutch is a mechanism by which the rotatory motion of oue
shaft can be transmitted to another shaft the two shafts being
mounted co-axially. In one type of clutch, called gradual en-
gagement clutch, one of the shafts rotates rapidly while the other
is either stationary or moving with a low speed. When the engage-
ment or the clutch proceeds. rapidly moving shaft is retarded

_ while the slowly moving shaft is accelerated. The process goeson
until the two shafts rotate as one, with the same speed. The clutch
is now said to be fully engaged. The clutch used in a motor car
between the engine and the gear box is based on the action of the
frictional force which is called into play between two rotating
bodies when they are pressed together. This type of clutch is
known as friction clutch.

To understand the action of the
friction clutch, consider two shafts,
C and D supported on bearings A4
and B, so that they are free to rotate
about a common axis PQ. E and F
are two circular discs which face each
other and which are keyed to the
ends of the shafts. Suppose the shaft Fig. 1-11
C with the-disc E'is rotating rapidly Friction clutch
‘while the shaft D with the disc F is stationary. The two shafts
are pressed together endways. When the faces of the two
discs come into contact, the force of friction between them tends ta
retard the speed of E. As the forces with which the dics press on
each other gradually increase, tbe frictional force between
them also increases gradually. At a certain stage it is sufficiently
great to overcome the resistance between the discs. There-
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fore the disc F begins to rotate with its speed gradually increas-
ing. This goes on until the two discs move with the same speed.
At this stage, there is no slip between the discs, and the clutch is
fully engaged

In the motor car clutches, the discs are kept pressed against
each other by means of a spring. The elasticity of the spring
always keeps the clutch in engagement. To disengage the clutch,
one of the discs is pulled back against the pressure of the spring.

Exercise 1.3

1. What are simple machines? What is called ‘power’ or
‘effort’ and what is called ‘load’ or ‘weight'?

" §. Define the following: (i)mechanical advantage (ii)
velocity ratio and (iii) efficiency of a simple machine.
Obtain the relation between them.

3. What is a pulley? What are the mechanical advantages
of (a) a single fixed pulley and (b) a single movable
pulley?

4. Explain any one of the three systems of pulleys and
obtain an expression for its mechanical advantage.

5. What are the requisites of a good balance? When do you
say a balance possesses these requisites?

6. How can you find the correct weight of an object using a
false balance?

7. What is meant by a ‘clutch’? Describe the action of a fric-
tion clutch.

4

1.4 FLUIDS

1.4.1. SURFACE TENSION

The surface of a liquid behaves like a stretched elastic mem-
brane, so that it has always a natural tendency to contract, there-
by reducing the surface area to a minimum. A number of experi-
ments can be performed to demonstrate such behaviour in the
case of the surface of any liquid.

(i) Consider a copper wire SPOR bent twice at right angles
as shown in Fig 112  Let a thread be tied loosely to the ends
S and R. If the-frame is dipped in soap solution and taken out,

Phy=3
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a soap film is formed between the frame
and the thread. The thread is drawn ip-

wards in the form of an are of a circle so
\ g that the area of the film is a minimum.

e

Fig. 1-12
Thread SR putled inwards

(ii) Consider two glass rods
PQ, RS suspended parallel to
each other by means of two verti-
cal silk threads. If the whole

. . Fig. 1-13
arrangement is dipped in seap Threads PR, QS pulled
‘solution and taken out, a soap film inwards

is enclosed between the glass rods, and the threads are drawn in-
wards in the form of an arc of a circle thereby reducing the area
of the film to a minimum (Fig. 1-13), ’

(iii) Consider a ring of Copper wire dipped in soap solution
and taken out. There is a film, enclosed in the ring. [ a small
loop of silk thread moistened with soap solution is placed on the
film and the film inside the loop pricked, the string will imme-
diately assume the form of a circle .  For a given perimeter, the

circle has maximum area and therefore the remaining surface of
the film has minimum area.

These experiments clearly illustrate that the surface of a
liquid. behaves as ifit is in a state of tension with a tendency to
contract its surface area to a minimum value. This tendency is
due to the surface tension of the liquid. It is defined as the
force acting on unit length of a line drawn on the surface of the
liguid, the force acting normal to the line and parallel 10 the sur
Jace of the liguid. 1t is expressed in newton per metre (Nim)

FREE SURFACE ENERGY A 8
Consider a liquid film held in a frame-

ABCD (Fig.1-14} in which CD can slide
freely. Let the side CD move through a

small distance x. The increase in area of D t ¢
the film =2 lx, taking into account both 1L X
surfaces of the film. 0y ¢,

Work done against the surface tension Fig. 1-14
T in increasing the area of the film by  Work done in
Uk =T X 2! x x, stretching a film
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Besides this. a certain amount of heat energy is absorbed by
the extended film from the atmosphere to make up for the cooling
produced when it is extended. If H is the heat energy absorbed
per unit increase of area of the surface, expressed in joules,the
energy absorbed for the increase of area by 2Ix = H x 2/x. Let
the total energy of the newly formed surface be E{2/x), where E
is the total energy per unit area.

. & From the law of conservation of energy
E X 2x=(T x 2Ix) 4 (H X 2ix)
& E=T + H

T represents the mechanical part of the surface energy of the
fitm. It is referred to as the free surface energy. Hence surface
tension of a liquid is numerically equal to the free surface energy
per unit area.

1.4.2 ANGLE OF CONTACT

When a liquid meets a solid, its surface near its line of con-
tact with the solid is generally curved. The angle between the
tangent to the liquid surface at the poinf of cofitact and the solid
surface inside the liquid is called the angle of contact of the liquid
with the solid.
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Fig. 1-15
Angle of contact of mercury
‘Let PQ (Fig 1-15) be a glass plate dipped vertically ina
wough containing mercury. It is found that the mercury surface -
near the glass plate goes down to meetit at R. - SRR
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The liquid surface at R is called the meniscus of the liquid.
RS is the tangent drawn to the liquid surface at R. The angle
QRS which is the angle between the tangent to the liquid surface
at R and the portion of the glass plate QR inside the liquid is
called the angle of contact of mercury with glass.The angle of
‘contact of mercury with glass is obtuse, whereas the angle of
contact of any other liquid with glass is acute. - ~
DETERMINATION OF THE ANGLE OF CONTACT OF
MERCURY WITH GLASS

AB s a glass plate immersed vertically in a vcssel containing
mercury (Flg 1.16). The mercury bends and meets the plate
at'C. C1s a point at which the liquid, glass and air meet. CD
is the tangent to. the liquid surface at C. £DCB is the angle of
conitact ‘of mercury with glass.

Fig. 1-16 Fig. 1-17
Glass plate  Glass plate inclined
vertically held to make meniscus

disappear
If the plate is slowly tilted from its vertical position, so that
it ultimately coincides with the tangent CD, the meniseus dissap-
pears on one side and appears exaggerated on the other side
(Fig 1-17) The disappearance of the meniscus when the plate
coincides with CD is used to determine the angle of contact of
mercury with glass. In that position a vertical line is drawn from

D 1o meet the surface of the liquid at E. Then tan §=DE CE

or § = tan—? (‘D“'E
The supplement of this angle i.e. (180-—@) is the angle of
contact of mercury with glass.
1.4.3 CAPILLARY RISE OF A LIQUID
When a capillary tube is dipped vertically in a liquid like
water, the liquid risesinside the tube to a certain height. If mercury
is wsed instead of water, the level of mercury imside the
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capillary tube goes below the level outside. The phenomenon
of rise or fall of liquid level inside a capillary tube is an impor-
tant property of liquids. :

Fig. 1-18 Fig. 1-19
Capillary rise Liquid meniscus

By measuring the rise of liquid in capillary tube, the surfam‘
tension of the liquid can be determined.

Let @ be the angle of contact of the liquid with the tube
Now the vertical upward force T cos® per unit length acts on
the circumference 27r of the meniscus. (Fig. 1-19)

& the total upward force = 2nr X T cos @
This balances the weight of the column of the liquid of

" height h. Neglecting the weight of small amount of Yiquid in the
curved position of the meniscus,

2xr Tcos § = n r*hpg  (P= the density of the liquid).
rhpg ‘
2 cos O

DETERMINATION OF THE SURFACE TENSION OF
WATER BY THE CAPILLARY RISE METHOD

& The surface tension T =

A capillary tube 4B of uniform cross-sectional area is first
cleaned with dilute acid and rinsed with water. 1tis then clam-
ped vertically with one end inside water taken in a beaker
(Fig. 1-20).  Water rises to a definite height in the tube due to
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surface tension and the meniscus is at a certain height. A pointer
P ismounted vertically so that its lower end just touches the sur-
face of water in the beaker.

A travelling wicroscope M is
adjusted such that the horizontal
cross-wire is tangential to the lower
meniscus of the liquid in the tube.
The reading on the vertical scale is
taken. The beaker of water is
removed and the microscope is
brought down and focussed on the
tip of the pointer and again the read-
ing is taken. The difference between
the two readings gives the rise 4 of
the liquid in the capillary tube.

The diameter 2r of the
capillary tube is measured using

, . Fig. 1-20
he t 1 .
the travelling microscope S.T. by Capillary rise method

rh
The surface tension T = s
2 cos

rhpg
2

If h is measured in metres and p is in kgm=3then T
will be in netwons/meter (N m=?)

As @ = 0in ¢h case of water, T =

1.44. SURFACE TENSION BY SEARLE’S TORSION
BALANCE

The arrangement consists of a tripod with a screw $,provided

on.one of its legs (Fig. 1-2]). The tripod carries a metallic
frame which can be raised or lowered.

A steel wire AB is attached to the metallic frame. To thé
middle of the steel wire, a long pointer is attached. The longer
arm of the pointer moves in front of a vertical graduated
scale. The shorter arm carries a small sliding weight W,



3»

P is ascale pan suspended from the pointer The pan
has a hook at the bottom, From the hook a glass plate is sus-
pended.

The glass plate is first cleaned
with dilute acid and then with
water. Tt is supended from the
hook at the bottom of the pan.
The pointer is adjusted to be
horizontal by raising or lowering
the metal frame and also by ad-
justing the sliding weight. A
trough of water is brought below
the glass plate. The lower edge
of the glass plate is made hori-
zontal and parallel to the water
surface in the trough is adjusted Fig. 1-21
so that the glass plate is just in S-T. by Torsionbalance method
contact with water surface. The screw S is adjusted so that the
glass plate just gets detached from the water surface. The reading
R of the pointer on the vertical sgale is noted just when the glass
plate gets detached.

The trough is removed, the glass plate is wiped dry and
weights are added to the pan P till the pointer indicat¢ the same
reading R. Let the mass placed on the pan now be m. The
force due to surface tension acting on the lower edge of the glass
plate = 2T ({41) cos @

where I and ¢ are the length and thickness respectively of the
glass plate. T is the surface tension of the liquid and @ is the
angle of contact of the liquid with glass. (For water 3=0)

This force is equal to the weight placed on the scale pan.
o mg = 2T (I41)

m

T = T+

Nm-t @n
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Exercise 1.4

Explain surface tension with examples. .
What is meant by surface energy? How is it related to
surface tension?
. What is the phenomenon of capillary rise?

Define ‘angle of contact’. lllustrate with examples.
"Explain how the surface tension of a liquid can be deter-

mined by measuring the capillary rise.

Describe an experiment to determine the surface tension
of a liquid in the laboratory.

L N

1.’S OSCILLATIONS AND WAVES
1.5.1 SIMPLE HARMONIC MOTION

A simple type of motion often encountered is the vibratory
motion of a particle about an equilibrium position under the in-
fluence of a force that is proportional to the distance of the par-
ticle from the equilibrium position, The force always acts such
that it directs the particle back toits equilbrium position and
hence is called the restoring force. This kind of motion is known
as simple harmonic motion. The oscillations of a simple pendu-
lum, vertical oscillations of a mass suspended from a spring,
vibrations of a freely suspended magnet in a magnetic field,
motion of particles of air through which sound waves are passing
are some examples of such motion.

DEFINITION OF SIMPLE HARMONIC MOTION

A particle is said to execute simple harmonic motion. if its
acceleration is directly proportional to the displacement from a
fixed point and is always towards that fixed point.

—— Y e

[ S 0 ') A

Fig, 1-22
S.H.M. of a particle

Let M be a particle execiting simple harmonic motion along
» siraight line AOB with Q asa fixed point. (Fig.1-22). By
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definition, its acceleration and the restoring -force on it is directed
towards the fixed point, O, and is directly proportional to its
displacement, X, from O. ie.,

acceleration () o x o
ar od Z=~wdx ' (32)
where o is a constant for a given simple harmonic motion and
is the angular frequency of the simple harmonic motion; the
negative sign indicates that the dcceleration is opposite to the
direction of increase of x, (i.c.,) always directed towards O. Ois
also the equilibrium position of the particle. If m is the mass of
the particle, the restoring force.
F=mJ -
or F = —mwix (33)
The simple harmonic motion is closely associated with
circular motion. This can be illustrated as follows: Let us con-
sider a particle P, moving along a circle with uniform speed.
Let O be the centre of the
circle, a, the radius, AOB,
any diametre and M, the

“ N projection of P on AOB.

° (Fig. 1-23). As the particle,

o 1 1o P, moves along the circle, the

§ % point M will move to and fro

along AOB. It can be shown
that the acceleration of M is
always directed towards O and
is proportional to the dis-

' placement, x, of M from O.

Fig. 1-23 Hence, M executes simple
Simple harmonic and harmonic motion along AOB.
circular motions If AOB is along X - direction

the simple harmonic motion, is said to be along X - direction
Similarly, if YOY, is another diameter perpendicular to AOR
and N, the projection of P on YOY,, N also will execute simple
harmonic motion along the Y direction.. On this basis the
simple harmonic motion can also be defined as 'foH(\Ws: The
simple harmonic motion is the projection of uniform circular
motion on any diameter. The circle is known as the generating
circle.
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~ If wis the angular velocity of the particle, P, about 0, it can
be shown that at_ any instant when the displacement of M from
0O is x, the acceleration of M

of = —a’x

Hence the angular frequency of the simple harmonic motion as
defined in Eqn. 32 is nothing but the angular velocity of P
about 0
Characteristics of Simple Harmonic Motion

The characteristics of the simple harmonic motion can be
well understood with the help of the above definition based on
circular motion. The charateristics of the simple harmonic
motion are (i) amplitude, (ii) frequency, and (iii) phase.
Amplitude:-The maximum displacement from the eguilibrium
position of the particle exerting simple harmonic motion is called
the amplitude of the simple harmonic motion.

In Fig. 1-23, 04 = ais the amplitude of the simple harmonic
motion along the X- direction and OY is that along Y- direction.

Frequency:- Let us now consider a simple harmonic
motion executed by N along YOY, as shown in Fig. 1-24. Let
the particle, P start its motion along the circle from A (when N
is at O); i let ¢ =0 when f = 0. Let at any instant ¢, D&A =¢
and ON =y is the displacement of the simple harmonic motion.
Then from the figure it is evident that

Y =asin ¢ (34

Y2 \ % fiv sy, v—»w—
14 CHREEY DR TR £ U
e )

Fig. 1.24
Simple hormonic motion along Y direction

|

If w is the angular velocity of the particle P, about the centre O
of the circle, then, ¢ =wt and

Pp=asnpowt
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Since w is a constant, the displacement of the particle executing
imple harmonic motion (N) veries sinusoidally with time
Hence, a graph drawn between the displacement, y and the time
t will be a sine curve as shown in Fig 1-24,

If however, the particle P starts its motion from a position C
(when N is at N') such that CAOA =€ at t=0, then at any instant

t when P is at D such that DbC = @, the displacement of the
simple harmonic motion is given by

y=asin(Q +¢) (36)
or y=a sinw(t + ') 37
where wt'=€ and ' is the time that would have elapsed if P
had started from A. Eqn.(36) and (37) are the most general
equations of the simple harmonic motion.

It can be seen from Eqn. 35 that the displacement, y, is the

same (zero) when ¢ (= wt) = O, 2, 4x,............ , i.e., whent =0,
2 47

"'E SR (or @ when wt = &2, 5%x/2... .. i.c., when
t= 72w, 372w, ... }. The time interval between two

consecutive instants at which the displacement is the same is
called the period of the simple harmonic motion
i-e., Period T = 2% 38)
(Though y = O when wt = O as well as x, i.e. when P is at 4
as well as B, there is a difference. When w! = 0, N tends to move
upwards from Q where as when w? = v i:e. Pisat B, N tendsto
move downwards.) It is evident that the period of simple
harmonic motion is alzo the time taken for one complete to and
fro motion of N along YOY,. One such complete to and fro motion
is called one oscillation. The number of oscillations made in one
second by the particle executing simple harmonic motion is
defined as the frequency of simple hormonic motion, It is
given by the reciprocal of the period of simple harmonic
motion; i.e.,
i w
frequency n = —< = I (39)
It is expreesed in the unit cycles/sec. The unit cycle per
gec.is called hertz (Hz). The angular frequency
w = 2xn (40)
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Phase:- The displacement, at any instant ¢, of a particle
executing simple harmonic motion is given by Eqn. 36 or Eqn. 37
In Eqn. 36, the factor (§+€) is known as the phase of the simple
harmonic motion; € is known as the initial phase or epoch. Here
the ﬁhasc is expressed in terms of angle. In Eqn. 37, (r + ') is
also called the phase of the simple harmonic motion. Here it is
expressed in terms of time. It may be clear that (t 4 ¢') is the
time that has elapsed from the instant N (Fig. 1-24) crosses it
equilibrium position, O in the positive direction. Hence, the phase
of the simple harmonic motion can be defined as the time that has
elapsed since the particle crosses its equilibrium position in the
positive direction. It is the usual practice to express the phase as

T T .
a fraction of the period (*4" ) “2) of the simple harmonic

motion. Since wt= 27, a phase of T corresponds to a phase of 2
in angle.

If there are two simple harmonic motions tepresented by
equations,

il

Yu = asin (@+€,) @n
and . Y. = asin (Q+8,) (42)
they are said o differ in phase by €, -€,. If €,-¢, = 0, 2=, 4n,
cterrenacanens, the two simple harmomc motions are said to be in
phase; if £,-€, = 7, 3w, 5, w........ ;they are said to be in
opposite phases.
1.5.2 WAVE MOTION

The principal methods by which energy is transferred from.
place to place are (1) by mechanical motion of particles and (2)
by wave motion. A stone dropped into a quiet pond gives rise
to a set of circular ripples or waves spreading outward over the
surface at constant speed. A piece of cork floating on the surface
of water does not move forward with the waves but merely moves
up and down about its mean position. 1t is only the disturbance
that moves on the surface of water while the water particles-
vibrate up and down perpendicular to the direction of the wave.

1.5.3. TRANSVERSE WAVES
When the motion of the individual particles of the medium is
perpendicular to the direction in which the wave advances, the wave

is called a transverse wave. Hence waves on the surface of water
are transverse waves.

¥
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N

In transverse waves, due to the vibrations of the particles in
a direction perpendicular to that of the wave, crests and troughs
are formed. Crests are points having maximum upward dis-
placement and troughs are points having maximum downwarc
displacement. These crests and troughs move in the direction of
the wave with a velocity known as the wave velocity. '

1.5.4. LONGITUDINAL WAVES

When the vibratory motion of the individual particles of the
medium is parallel to the direction in which the wave travels, the
wave Is called a longitudinal wave. Longitudinal waves may be
observed in fields when a breeze makes the top of the plants move
o and fro. In longitudinal waves due to the vibrations of the
particles parallel to the direction of the wave, compressions and
rarefactions are formed. Compressions are points where the den-
sity of the vibrating particles is maximum; rarefactions are points
where the density is minimum. These compressions and rarefac-
tions move in the direction of the wave with a velocity known as
the wave velocity,

LA 000,
e® %0, o oo
0

©

) (]
°°°°°°0

Fig. 1-25
Transverse (above) and Leongitudinal (below) waveforms

1.5.5. DEFINITIONS

The wavelength of a wave is the distance measured in the direc-
tion of the wave between two successive points on it whieh are in
the same state of vibration.

It is usual to measure the distance between two successive
crests or troughs in the case of transverse waves as the wavelength.
Similarly in the case of longitudinal waves the distance between
two successive compressions or rarefactinos will give the wave-
‘ength. . ~
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The frequency of the wave is the number of wavelengths that
Gross any point in one second. I is also equal to the munber of
vibrations made by any single particle in the medium about its
equilibrium position in one second.

The velocity of a wawve is the distan:2 moved in one second by
a crest or a trough in the case of transverse wave or the distance
moved in one second by a compression or rarefaction in the case
of a longitudinal wave.

1.5.6. FORMULA

If n is the frequency of a wave and )\ its wavelengxh, the dis-
tance travelled by a crest or trough in one second ism ) . Simi-
larly the distance travelied in one second by a compression or
rarefaction also is ). Since the distance is travelled in one
second, it is equal to the velocity v of the wave.

dv=n)\. (43)
L.5.7. PROGRESSIVE AND STATIONARY WAVES

When waves are produced in an extensive medium, they travel)
forward without being disturbed. These are known as progressive
waves. Butifa progressive wave mects an obstacle, it is reflected
by the obstacle. The rcficcted wave is superposed on the incident
wave. Each particle of the medium is disturbed both by the in-

Fig, 1-26
Stationary waves

cident and the reflected waves at the same time. At certain points
of the medium, the two sets of waves cancel each other’s effect.
So the particle of the medium will be at rest at these points.
These points are called nodes. At points midway between two
successive nodes, the particle experiences maximum displacement.
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These points are called antinecdes, Thus if two identical waves
travelling in opposite directions are superposed, stationary waves

are produced. Nodes and antinodes are the characteristics of
stationary waves.

Transverse stationary waves can be produced in strings. A
string is attached to one prong of a fork, and passed over 2 smooth
pulley and kept stretched by placing weights in the scale-pan.
The fork is set into vibration electrically. The length of the
string, and the weights in the scale pan are adjusted so that the
string appears to be in the form of loops (Fig. 1-26). Points
marked as N, N are at rest and they are the nodes Points marked
A, A having maximum displacements are the antinodes. The
distance between two successive nodes is equal to half of the wave-
length. The distance between a node and the next antinode is
equal to one-fourth of the wavelength,

Longitudinal stationary waves can be produced through the
air column in a tube. Consider a tube closed at one end. Let a
progressive longtiudinal wave advance through the air column in
the tube. When it reaches the closed end, it is reflected. The
reflected wave is superposed on the incident wave produeing
stationary longitudinal waves in the air column.

1.5.8. VIBRATIONS OF AIR COLUMNS AND PIPES

Sounding bodies are capable of vibrating in a variety of ways
giving rise to a complex note consisting of tones of different fre-
quencies. The lowest frequency in this mixture is usually the
the strongest and is called the fundamental. Overtones whose
frequencies are in the ratio 1:2:3 etc., form a series called

Harmonic series. Organ pipes are capable of producing a
number of harmonics.

OVERTONES IN ORGAN PIPES
(i) Closed Organ Pipe

A closed ergan pipe has one end closed and the other end
open. When it is emits a note, a node is fermed at the closed
end and an antinode is formed at the open end. The fundamental

note having the lowest frequency and the longest wavelength
will be the loudest note, .
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The pipe will accommodate one node and on¢ antinode

(Fig. 1-27 ).
(X (X%

< 304 > 5 — 3

Fig. 1-27
Closed organ pipe
The length of the pipe corresponding to half a loop or a
quarter of the wavelength is given by
{ = %—! == Or kl w 4]

If v is the velocity of sound

V=l N,
ve=mn X4

v
o=
The first overtone will correspond to the next gpossible higher

made of vibration of the air column. Here the length of the pipe
corresponds to three quarters of a wavelength (Mg. 1.27 ii).

3 o 4
I:zkn MA,:;,

vEmAa=nx 31
3y
ny, = ZT =3 ny.
Thus the fiest evertone has thrice the fundamental frequency '
and is therefore the third harmomic. The next higher mode of
vihration will correspond to the second overtone shown in Fig

1-27 iii). Here the length of the pipe will correspond to five
quarter wavelemgths. Hence
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Hence the second overtone has a frequency five times that of

the fundamental and therefore it is the fifth harmonic. Thus the
different notes emitted have frequencies in the ratio 1- 3 : 5...

(i1) Open organ Pipe
QOpen pipes like the nadaswaram have both ends open. When
it emits a fundamental note, antinodes are formed at the ends

< »a > < AL > < 3 /g

Fig. 1-28
Open organ pipe
and a node is formed at the middle (Fig. 1-28 i). The length of
the pipe corresponds to one loop or half a wavelength.

1= A
7
or X\, =21
v v
The fundamental frequency n, = = 31

For the first overtone two nodes are formed inside the pipe
so that the length of the pipe corresponds to one wavelength
(Fig. 1-28 i), 'The frequency of the overtone is given by

v
= 2n,

_ = Y 14
BN, T TT 4T

The first overtone has a frequency twice that of the funda.
mental. For the next mode of vibration, three nodes are formed
inside the pipe so that thz length of the pipe corresponds to one

wavelength and a half (Fig. 1-28 iii). The frequency of the
overtone,
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The frequency of the second overtone is thrice that of the
fundarnental.
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Thus the frequencies of the harmonic series are in the ratio
1-2:3:......

In the case of open organ pipes, both odd and even harmo-
nics are present. In the closed organ pipes only odd harmoaics
are present.

1. 5. 9. FORCED VIBRATION

Each vibrating body has a natural frequency depending upon
its elastic constants, dimension and mode of vibration. Such
vibrations are called free vibrations and the frequency of the vib-
rating body is called its free or natural frequency. A tuning
fork sct info vibration and a pendulum oscillating under the action
of gravity are examples of free vibrations.

We shall-now consider a body which is maintained in a state
of vibraticn by 2 reriedic foree which may or mav not have the
same period as the free vibration. In this case the body ultimately
vibrates with the same period as that of the periodic force. Vib~
rations of such a body are called forced vibrations since their fre-
quency is determined by that of the applied force rather than the
characteristics of the body. If a tuning fork set into vibration is,
held in the hand, the sound preduced from it is feeble. But if the
stemn of the vibrating tuning fork is kept pressed on a ialle, the
sound is intensified whatever may be the frequency of the tuning
fork. Here the top of the table is forced to vibrate in re pcmse to
the periodic force applied. The vibrations of the t ble : re cailed
Jorced vibrations. The amplitude of such vibretions ¢:pends
upon the difference in frequencies of the external periodic force
and the natural frequency of the vibrating body.

1. 5. 10. RESONANCE

If the natural frequency of the table is the same as that of the
tuning fork, a very loud sound is heard. In this special case,
when the natural frequency of the body is equal to the frequency
of the applied force, the amplitude of the forced vibration bacomes

very large and the body is said to be in resongnce with the
periodic force applied.

Consider a swing which is swinging with its natural period.
If at every time the swing starts forward in its periodic raction,
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a gentle push is given in the direction in which it tends to move,
a very large motion of the swing will be produced. In this casc
the frequency of the pushes given (the frequency of the forcing

lrody) is equal 1o the natural frequency of the swing and so there
is resopance.

The amplitudes of the swing will certainly dimimsh if the
pushes are not given at the right moment ; i.e. if the frequency of
the forcing body is not equal to the natural frequency of the
swing.

Suppose the length of the air column enclosed in a tube is
adjusted to have the same frequency as that of a given tuning
fork. If the tuning fork is set in vibration and held near the
mouth of the tube, a booming sound is heard. This is due to the
air column being driven into resonant vibrations.

1. 5. 11. DAMPED VIBRATIONS

When a freely vibrating body has no resistance oftered against
its motion, its amplitude remains constant. In general th:re is
alveays some resistance to be overcerme which is called daing.
The effect of the damping causes a decrease in amplitude and
stight change in frequercy. Usually there will be a slight increase
in the periodic time. Experiments have shown that the effex of
damping is small in the cas? of a tuning fork.  In the case of air

column, the effect of damping’is so large that the vibraticn dies
out after a few osciliatic ns.

1. 5. 12. ULTRASONICS

The normal human ear is scnsitive to sounds of frequencies
between 20 and 20000 Liertz. Ultzasonies are sound waves vhose
frequencies are above 2000 hertz.  Certain animals like bat and
inseets like cricket are capa’le of producing and ‘detecting scunds
of this type. By using cp>cial type of oscillators ultrasoric waves
of frequencies of the order of 10 megahertz can be produced in
the laboratory. These ultrasonic waves also obey the ordinary
laws of sound. In addition, they have useful applications for
which ordinary sound waves canaot usually be usad. S
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USES OF ULTRASONICS
MATERIAL TESTING

Ultrasonic waves can penetrate through metals and other materials
which are sometimes opaque to electromagnetic radiations. They
are reflectcd at the surface of separation between two media.
These facts are used to detect cracks in welding and flaws in
metals.

ECHO SOUNDING

Echo sounding methods are used to locate icebergs and to
measure the depths of oceans. A puise of ultrasonic wave is sent
and the reflected pulse is received using a suitable receiver. Know-
ing the time interval between the instant of transmission and the
nstant of reception, the pulse and the velocity of the waves in
the medium, the depth of the sea can be determined. A narrow

beam is generally preferred. Frequencies from 14 kHz to 80 kH:
are generally used.

SONAR

One of the important applications of ultrasonics is the
SONAR. This means Sound Navigation And Ranging. This
is based on the principle of echo sounding. Ultrasonic waves
can travel large distances through water without losing theis
energy. An ultrasonic generator and a receiver are placed inside
a dome provided with stainless steel windows. The dome is
lowered into water and rotated at a constant speed. Enowing
the time that elapses between the transmitted pulse and the
received pulse, the range is determined. The angular porition of
the transmitter at which it receives the echo gives the direction of
the submarine or any other obstacle

MEDICINE

‘

Ultrasonics can be used instead of X-rays to detect tumours
in the human body  In surgery, some cell structures cas Lz das-
troyed by the heat generated by the absorption of u itrisconic
waves, Ultrasonic waves are used in the treatment of «r('witis,
rheumatism, and abscess, It is used to lame small animals liie rat,
fish and frog and to kill bacteria,
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Exercise 1.5

What is ‘simple harmonic motion’? Hlustrate with examples.

What are the two types of progressive waves? Explain
how these waves advance in a medium,

Define the wavelength and frequency of a wave. Obtain an*
expression for the velocity in terms of these.

What are stationary waves ? How are they formed ?
What is meant hy ‘harmonic series > What are overtones ?

Describe an open organ pipe and a closed organ pipe. Kow
do the overtanes in these pipes differ?

What is meant by forced vibrctions ? Explain the pheno-
menon of resonance.
What is an ulirasonic wave ? Explain.

What are the uses of ultrasonies ?



2. THERMAL PHYSICS

2. 1. THERMOMETRY

2. 1. 1, INTRODUCTION

Consider a motor car brought to rest by applying brakes.
The car loses kinetic energy but there is an increase in the tem-
perature of the brake linings. A meteorite entering the earth’s
atmosphere loses energy as it does work against the frictional
forces of the earth's atmosphere. Here, the loss of energy results
in an increase of temperature and usually the meteorite melts
before it reaches the earth. The rise of temperature in these
examples indicate that something has happened to the body and
this something is called the gain of heat emergy. These arc
examples of the conversion of kinetic cnergy into heat energy.
Similarly, electrical energy can be converted into heat. Such
conversions indicate that “Heat is a form of energy”’. Hence it
is measured in joules, the joule being the unit of energy.

Heat and temperature are two related quantities but they are
different from each other. In other werds, heat is the cause and
temperature is the effect. If a body is heated, its temperature
rises. On the other hand if a body is cooled, its temppiature
falls. Heat as mentioned above is energy and therefore meastred
in joules. But the temperature-is measured in degrees.

Temperature may be measured with the help of thermo-
meters. The centigrade thermometer has 100 degrees betweer: ice
and steam points and the room tewperature is about 30°C.  "The
-emperature of thc melting ice under normal pressure is taken as
0°C by convention. The temperaturc of boiling water under
normal pressure is taken as 100°C, again by coavention.
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There is another scale of temperature called the absolute
scale of temperature or the Kelvin scale of temperature. The
interval of a degree in this scale is equal to the interval in the
centigrade scale. But the zero in this scale namely 0° 4 or 0 X
corresponds to ~—-273°C which is the real zero of temperature.
Thus the temperature of the melting ice is taken to be 273° 4 or
273 K Similarly the temperature of the boiling water is 373° 4
or 373 K under normal pressure.

Measurement of temperature is important in everyday life.
The temperature of the cold-storage plants must be maintained at
a particular value to store féodstuffs in good condition over a long
period. Furnaces making glass must be operated at a paticular
high temperature, The sense of touch is not a reliable method to
. measure temperature as, for example, a metallic object appears
cooler than others when touched by hand even though all of
them may be at the same temperature. The thermometer is a
very reliable instrument to measure temperature.

Any property of a substance which changes continuously
with temperature may be used for measurement of temperature,
In the clinical thermometer, which is used to measure tne tem-
perature of the body, for example, the volume of mercury. chan-
ges when its temperature changes.

2, 1. 2, SCALE OF TEMPERATURE

it is most essential to have two fixed temperatures to d-fine the
standard temperature interval. These tciaperatures w.ich are
called “Fixed Points” should be constant and capable c{ being
casily reproduced at all times, The lower fixed point is the tem-
perature at which ice melts under one standard atmospheric
pressure and the upper fixed point is the temperature at which
pure water boils under one standard atmospheric pressure. Cel-
sius suggested that (1) the temperature of the melting point of
ice should be given a number 0’ and the terperature of the steam
at a pressure of 760 mm mercury should be given number ‘100’
and (2} the interval between the two fixed points should be
divided into 100 equal parts. Hence this scale of teraperature i§
called the centigrade scale. It is now called the Celsius Scale.
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We have seen that heat is a form of energy. If the gas
is heated the kinetic energy of the molecules increases. The gas
molecules have on an average, greater velocity than the earlier
value. If the gas is cooled the velocity is P
lowered. The rnolecules will have zero speed
at some extremely low temperature and this
temperature is called the ‘‘Absolute Zero” The.
gas pressure would then be zero thenretically.
The scale of temperature in which the absolate
zero is defined as 0 degree” is named as the
Absolute Scale. It is ‘also called the Kelvin
Scale after Lord Kelvin who defined it. The

100%

absolute zero is denoted by 0 XK. In this scale ”.
also, the interval between the ice point and
the steam point s taken as 100 degrees so that |

1 degree intervai is the same in both the Celsius
and the Kelvin Scales of temperature. This
Kelvin or Absolute scaleis used in the SI
system of units. From experiments it is found
that 0 K= —273°C and 273K = 0°C and
373 K = 100°C.

2. 1. 3. LIQUID THERMOMETERS

The property of expansion of liquids:
is utilised to construct the familiar liguid-in-
glass thermometcrs. The change in volume of
a liquid is used a3 a means of measuring the
temperature. Mercury, alcohol, and toluene
are used in thermometers. The choice of a Fig. 2-1
liquid depends or: the temperature range over pp > .

. . e Centigride
which the thermometer is to operate and the Th

‘o . o ermemecter
sensitivity required. The range ol the mercury
thermometer-is from its freezing point —~39°C to its boiling point
357°C For low temperatures, alcohol thermometers arc used.
Alcot ol has a freczing point —112°C and a boiling point 73°C.
In modern thermometers, toluene is preferred to alcohol, since
its freezing poin: is —90°C and iis boiling point is 111°C.

2. 1. 4. GAS THERMOMETERS

Liquid therriometers are not suitable for measuring very hizh
or very low temperatures. Also, the reading on a liquid-in~
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glass thermometer depends on the length of the exposed column.
A further disadvantage of liquid-in-glass thermometers is that the
scale becomes inaccurate over a period of time, because of a slight
contraction of the glass bulb. Gag thermometers depend on the
changes in the pressure or volume of a gas when heated.

The use of gas as a thermometric substance is based on the
two gas laws. Boyle’s law states that the volume of a given mass
of a gas varies inversely as its pressure, the temperature remaining
constant. Charles’ law states that the pressure of a given mass
of a gas at constant volume varies directly as its absolute tempera-
ture, or the volume of a given mass of gas at constant pressure
variesdirectly as its absolute temperature. Hence any one of
the two principles may be used in the construction of gas
thermometers. A gas thermometer possesses the following
advantages *

1. Gases expand much more than liquids when heated and
this means that temperatures may be wmeasured to a
higher degree of accuracy.

2. A large change of volume of a gas occurs when its tem-
perature is altered, so that the expansion of the container
is negligible.

3 Gases also expand much more regularly with tempera-
ture than mercury.

4. A permanent gas as a thermometric substance maintains
its state and behaves in the same way at very high as
well as very low temperatures.

In the congtant pressure gas thermometer the pressure is kept
constant and changes in volume are observed with temperature.
In the constan: valume thermometers, the volume is kept constant
and changes in pressure are observed with temperature.

2. 1.5, THE CONSTANT VOLUME HYDROGEN
THERMOMETER

Permanecnt gases like hydrogen, nitrqgen and helium are
sually used as thermometric substances in the constant volume
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gas thermometer. Since the changes in pressure at constant
volum= of hydrogen at ordinary temperatures are far more re-
gular than in other gases, hydrogen is preferred as a therino

)

metric substance.

THE CONSTANT
VOLUME HYDROGEN
THERMOMETER

It consists of a bulb ‘B’
made up of platinum
iridium alloy of one litre
capacity, about 18 mm
radius. It communicates
with a mercury manometer
by means of a capillary
tube, The manometer con-
sists of two limbs C and D
which are connected to the
MErcury reservoir.

An index I, is fixed
above the level of mercury
in the tube D. The mercury
reservoir M has to be raised
or lowered such that the
surface of mercury in the
tube ‘D’ just touches the tip

of the index fixed in the .
tube D Fig. 2-2
' The Hydrogen Thermometey

A barometer ‘K’ dipping in mercury kept in C is bent such
that the surface of mercury in the wide closed end is verti-
cally over the tube D. There is another pointer ‘1,’ fixed near
the closed end of the barometer tube.

The bulb ‘B’ is maintained at the ice point and the reservoir
M is adjusted such that the surface of mercury in D is Jjust tangen-
tial to the #ip of the index I,. The barometer tube is adjusted unti]
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the mepcury surface in it is just tangential to the tip of the
index I,. The distance I, I, gives the pressure of the gas, which
is cead from the scale ‘S’ using a vernier ‘V’.  Let the pressure
be P,.

The experiment is repeated by exposiag the bulk 1o steam
(100°C) and the pressure is found as before. Let the pressure
be Pigo-

The bulb is exposed to an unknown temperature (°C and
the pressure is found out as before. Let it be Py. Since the
variation of pressure at constant volume is uniform,

{;oo""Po = Py—Py

i

100 ?

PP,

% x 100
PXGO"'PO %

% I=
Hence the unknown temperature can be determined.  This
thermometer can be used from — 200°C 1w 500°C.

2. 1. 6. RESISTANCE THERMOMETER

The clectrical resistance of a metal wire generally increases
with temperature, the increase being fairly uniform over large
ranges. Callendar has shown that in the case of pure platinums
the variation is represented by the equation Ry= R, (3 + ol + 3%)
where R, and R, arc the resitances of the coil of platnum wire
at temperatures 1° C and 0°C respectively, and of and f are con-
stants for the given specimen. These two constants can be
experimentally found out and the equation is used to calculate
the unknown temperature. ‘

If Ry, R0, and Ry be the resistances of the platinum wire
at 0°C, 100°C and an urknown temperature 1°C respectvely, we
have

R;ao""Ra - Rt‘.""Ro
100 t

2 i= .‘.'f&:'.._&’

Rloo“Ro

¥ 180
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Thus the temperature ‘t' is calculaied from a knowledge of R,
Ryop and R,

2. 1.7, PLATINUM RESISISTANCE THERMOMETER

It consists of a tube ‘T” made up of glass
or glazed porcelein. A wire of pure platinum
free from silicon or other impurities is selected.
It is doubled on itself 1o avoid induction
cffects and is wound on a thin grooved mica
plate M’ 10 ensure good insulation. It is kept
at the bottom of the tube having an ebonite
cap £.

The terminals of the platinum wire are
connected to two long leads passing through
mica discs 7, m and connected to two binding
screws 4, and A, on the ebonite cap. A wire
of the same material, length and diameter
as the leads, is bent and passed through
the mica discs m, m so as to insulate it from
other leads and connected to the binding
screws C; C, on the ebonite cap. This wire
is provided to equalise the resistance due to
the connecting leads to platinum wire and is
known as compensating leads. The tube is
exhausted and sealed to avoid possible oxida-
tion of platinum at high temperatures.

-

The resistance of the platinum wire ar
different temperatures can be accurately Fig. 2.3
measured.  As discussed in the previous sec-Platinum Resistance
tion, Thermometer

R,—R,
0
Ryo0—R, X 100

1 =

Keeping the resistance thermometer in a bath along with the
bulb of a constant volume hydrogen thermometer, the resistances
are measured for various tfemperatures given by the hydrogen



thermometer. A graph is drawn taking temperature on the X.axis
and resistance on the Y-axis. The graph is a straight line when
the temperatures are not high

Y
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O TEMPERATURE
Fig. 2-4

Resistance—Temperature graph

From the graph the unknown temperature may be deter-
mined.

Advantages

¥

1. The Platinum resistance thermometer can be used to
measure temperatures over a wide range, from about 70 X to
1470 K.

2. The temperature can be measured correct to 0001 X and
the accuracy is 0-1 X if the temperature is higher than 800 K.

3. 'The resistance of pure platinum and annealed platinum
wire is constant at a particular temperature. Hence the tem-
perature measured is fairly constant,

4. When it is standardised once with a constant volume
hydrogen thermometer, it can. be used to measure even small
differences in temperature fairly accurately.
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Disadvantages

{. The platinum resistance thermometer has a large
thermal capacity and the low conductivity of the material of the
sheath covering the resistance wire will not allow it to reach the
temperature of the bath quickly. Therefore this cannot be used
to measure rapidly varying temperatures.

2. Also the presence of the impurities in the platinum wire
will affect the accuracy of measurements.

3. Further this themometer cannot be used above 1300 K
since there is the danger of contamination by the insulating
materials. ’

Exercise 2. 1.

1. What is meant by *heat' and ‘temperature’ ?  Bxplain.

2. Why is a gas thermometer superior to a liquid thermo-
meter ?

3. What is the necessity for a scale of temperature ? Explain
the absolute scale of temperature.

4. Describe with a neat diagram,the constant volume hydrogen
thermometer and explain its working.

S. What is the principle.of a resistance thermometer ?

6. Draw a neat sketch of a platinum resistance thermometer
and label its parts. Explain how the temperature is
measured using it, What are its merits and demerits?

2.2. THERMAL EXPANSION

2. 2. 1. INTRODUCTION

We are familiar with the fact that nearly all substances increase
in size when heated. The clinical thermdmeter shows the rise
of temperature of 2 patient suffering from fever, as the mercury
in the thermometer expands. Telephone cables sag more during
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summer than during winter. Gases expand more than liquids
and liquids expand more than solids for the same changes in
temperature.

2.2.2. EXPANSION OF SOLIDS

When a solid is heated, the changes in length, area and
volume have to be considered. Most solids expand in the same
ratio in all directions simultanegusly when the temperature rises.
They are called isotropic substances. In some solids the expan-
sion may be different in different directions and such solids are
called anisotropic substances. Here we are concerned only with
isotropic expansion of solids. i

2.52,3. COEFFICIENT OF LINEAR EXPANSION 7

When a rod is heated, its length increases. The increase in
length per unit length per degree rise of temperature is called the
coefficient of linear expansion of the material of the solid. .

Let ‘I* be the length of the rod at 273 K and ‘P its length at
higher temperature (273+@) K. Then from the above definition
the coefficient of linear expansion ol is given by

o= _ inéréase in length
Original length X rise of temperature

=1
I.X0

Sl=l, +lod@=0{1 + 0]
If I, and J, are the lengths at O, K and §, K respeotively,

C then Iy =l (1 +ol0))
® 1y =l (14 oL00)
¥
3 L _ (140

T e
-

kT4 d0y).
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b+ L9 =(l + l L Bs)
& th—=1)=d U 0:—~10)

S = (’3"“’) -~ ua""g)
o (11 0. — l's 015 - ’x_(ea - 01)

if L=l
Thus the co-efficient of linear expansion of the material of a rod
may be determined by finding ‘/,," and ‘l,’ at ‘9,’ and ‘G’
respectively.

The coefficients of linear expansion for some metals are given
in the following table :

S. No. Metal ¢§< z‘;z 0{(;'
B Lead 28
2. Aluminium 25
3. " Brass 19
4. Copper 19
5. # Tron | o

For example when a steel rod is heated through 1 K, it
expands by 0°000012 m for every metre. Therefore a length
] metre becomes 1:000012 metre when heated through 1 K.

. f

2. 2. 4. DETERMINATION OF THE COEFFICIENT OF
\ LINEAR EXPANSION OF A ROD (LEVER METHOD)

/ i

A metal rod of about 1 metre long is taken. It is sharpened
at the top in the form of a knife edge and pointed at the bottom.
This rod is enclosed inside a steam jacket with an. inlet and an
outlet for steam. It is provided with a side tube for inserting 3
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thermometer. The steam jacket is fixed on 2 wooden siand.
The lower end of the rod rests on a metal platform and its
upper end is slightly protruding outside the jacket and is free to
expand. PQR is a horizontal lever of about 1 metre length

with a fulcrum at the end P.
It rests on the knife edge
of the experimental rod ‘@’
and the other end ‘R’ moves ],
over a scale fixed vertically.

The experimental rod 0]

is taken out of the jacket ‘ EJ
and its length is measured, <« Sheom
The rod is put back inside
the jacket and the lever is
placed on it, The initial
temperature is noted as ,. :
The initial reading ‘R'of the 7
lever on the vertical scale is
taken. Steam is passed
through the outer jacket
for about 30 minutes.

The rod expands and g7 3

pushes the lever up from Fig. 2-5(a)
Qto @,. This causes the Linear expansion -apparatus

end of the lever to move

from R to R,. When the rod *
attains the temperature of
the steam, the reading of » lo

R

the pointer remains steady

showing thereby that the Fig. 2-5 ()

expansion of the rod is complete. Now the steady reading of the
lever is noted as R;. The final temperature of the rod is noted

as Q,.
Calqnlatiom

The initial length of the rod = ILm

" The initial temperature of the rod = 9, X
- Fhy—5
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The initial reading of the end
. of the lever = R metre
The final temperature of the vod = @, K
The final reading of the end
of the lever = R, metre
The increase in length of the rod = QQ,
Since A PQQ, and A PRR; are similar
RR, is. the change in the reading of the end of the {ever
measured on the scale.

'
EA

& The coefficient of linear expansion of the given rod

increase in length

o = original length X rise in temperature
00,
€= 1(0,-0,)
RR,‘PQ 1

T PR L(0,-0)
Thus the coeflicient of linear expansion can be experimentally
determined. .

2. 2. 5. EFFECT OF TEMPERATURE ON CLOCKS J;‘

A pendulum makes a certain number of oscillations in a
given time at agiven place and this number is determined by the
length of the pendulum. The period of oscillations of the pen-
dulum controls the working of the clock. As the length of the
pendulum is increased during summer, the clock loses time during
summer. Similarly, the clock gains during the winter because

the length of the pendulum gets reduced due to the I‘all of
temperature.

2.2.6 COMPENSATED PENDULUM

Compensated pendulums are used to keep correct time,
The principle of compensation consists in keeping the effective
length of the pendulum constant. This is achieved by having two
sets of rods of different materials. One set of rods expands in the



'Y B

downward direction, while the other set expands in the upward
direction, keeping the effective length of the pendulum unaltered

2.2. 7 HARRISON’S GRID-IRON PENDULUM

In order to keep the effective length constant, Harrison’s grid-
iron pendulum is built by a system of brass and iron rods. The
expansion of brass is nearly one and a half times that of iron
The total expansion of two brass rods of the same length 1s equai
to the total expansion of three iron rods of the same length The

Fig. 2-6
Harrison’s pendalum

grid-iron pendulum consists of five rods. The three won-rods ‘¥’
are so fixed that their expansions will be in the downward direc-
tion. The brass rods ‘B’ will expand in the upward direction

The effective length of the pendulum is thus kept constant there-
by keeping correct time, -
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2. 2. 8 EXPANSION OF CAVITY IN A SOLID

In order to consider the expansion of cavity in a solid (S),
let us imagine that the cavity is filled with the same material as
that of the solid, to form a compact mass with the restofit. If
this entire piece is now heated, the whole
body will expand just as a homogeneous
mass. The material in the space ‘C’ of the
cavity fills it completely at all temperatures /
without pressing against its walls or leaving /

7
2 gap- ////M

It follows, therefore, that the cavity must Fig. 2-7
be expanding to exactly the same extent as  Cayity in a solid
the material filling it up. This means -
that the expansion of the cavity is exactly equal to the expansion
of the material of the solid, having the same shape and size of
the cavity. This principle is applied in finding the expansion
of hollow tubes, hollow vessels and hollow spheres.

2.2.9. EXPANSION OF LIQUIDS

Since liquids have no definite shape of
their own, we consider only their volume ex-
pansion. The liquid always requires a con-
tainer which will also expand when heated,

If the expansion of a liquid is considered
without considering the expansion of the con-
tainer, it is called the apparent expansion of
the liquid. If the expansion of the container
also is taken into account it is called the
absclute expansion of the liquid.

Fig. 2-8
The following illustration gives a clear Expansion of
idea of these two extpansions : Consider a case a liquid
in which some liquid is kept ina vessel
having a narrow neck and the level of liguid is at A, Suppose
the vessel is kept in a higger vesse] having some warm water Jjust
upto 4. For the sake of argument consider that the vessel alone
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expands in the first stage. * The level of liquid falls to the mark
‘B just below A. Let the liquid now expand. As the expansion
of the liquid is much greater than that of containing vessel, the level
vises up to C, which is abave 4. The absolute expansion of the
liquid is BA4-AC. But such a variation in the level of the liquid
will not be observed since the vessel and the liquid expand simul.
taneously. For an observer looking at it, the net expansion wil}
be seen as AC. The actual expansion of the liquid is therefore
the sum of the apparent expansion of the liquid and the cubical
expansion of the container.

COEFFICIENT OF APPARENT EXPANSION OF A
LIQUID ,

The coefficient of apparent expansion of a liguid is the obser-
ved increase in volume of the given mass of the liguid per unii
volume per degree rise of temperature.

COEFFICIENT OF ABSOLUTE EXPANSION OF
LIQUID

The coeffiicient of absolute expansion is the absolute or actual
increase in the volume of a given mass of liguid per unit volume
per degree rise of temperature.

EXPERIMENTAL DETERMINATION OF ABSOLUTE
EXPANSION OF A LIQUID (DULONG AND
PETIT METHOD)

The method is based on the principle of balancing of two
columns of a liquid. The pressure exerted by a column of liquid
depends only on the vertical height of the column and the den-
sity of the liquid and is independent of the shape or size of the
containing vessel. Therefore, the measurement of the heights of
two liquid columnns, balanced, at different temperatures, enables
us to measure the absolute expansion of the liquid directly.

The apparatus consists of a ‘U’tube in whirh the experi-
mental liquid is taken. The limbs of the ‘U’ tube are surrounded
by wide glass tubes. These tubes are provided with holes for
inserting thermometers and also with inlet and outlet tubes.
Steam from a steam heater s circulated around one
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Hmb while cold water is circulated around the other. This is
continued till the levels of the liquid in the two limbs of the ‘U’

Fig. 2-9
Dulong - Petit method

tube are constant. The heights ‘b, and ‘h,’ of the cold and hot
columns of the liquid are read. Let §, and @, be the tempera-
tures of the two columns of the liquid respectively.

It can be shown that
the coefficient of absplu.te} y = h,—h,
expansion of the liquid 7,0.—h40,

- Therefore by measuring h,, h,, 0, and Q,, the cocfficient
of absolute expansion of the liquid can be calculated.

Exercise 2,2

1. Explain the thermal expansion of solids with suitable
examples

2. Define linear expansion of a solid. Obtain an expression
Jor it

3. Explain how the linear expansion of a rod can be dcte(-‘,
mined experimentally in the laboratory. ’
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4. Why are pendulums of clocks compensated > What is
Harrison's pendulum ?

5. Explain the expansion of a cavity inside a solid.

6. Define the apparent expansion and absolute expansion of
a liquid. How are they related ?

7. Explain how the coefficient of absolute expansion of a
liguid is determined experimentally in the laboratory.

2. 3. CALORIMETRY

2. 3., 1. INTRODUCTION

Joule made an experimental study on the relation between
heat and work and proved that heat produced is directly propor-
tional to the work done. The ratio of the mechanical work spem

to the heat energy generated is a constant known as Joules constani
(J).or Mechanical equivalent of heat. 1.e,,

Work spent = —’j/— = J = a constant.

Heat produced " H

This is known as the first law of thermodynamics,

Hence the mechanical equivalent of heat is the amount of
work that is to be done in order to produce one calorie of heat
and is measured in joules/calorie (J = 42 joules/calorie)

2. 3. 2. SPECIFIC HEAT CAPACITY

The specific heat capacity of a substance is the amount of
mechanical work that has to be done to raise the temperature of
] kilogram of the substance through | K. It is measured in
oules/kg|K,

.. The specific heat capacity of water is 4180 joulesikg/K. The
following table gives the specific heat capacities of some common_
substances, '
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Specific heat
-8, No. Substance capacity in
) J kg=t K-t
1. Water 4180:00
2. Kerosine 2090:00
3. Cocoanut oil 1964:00
4, Mercury 13794
5. Copper 384-60
6. Brass 372:00
7. Aluminium 90310
8. Lead 12540
9, Iron 480-70
10. Glass 66880

Thermal capacity : The thermal capacity or heat capacity
of a substance is the amount of work that has to be done in order to
raise the temperature of the substance through 1 K.

oY

& Thermal capacity = mass X specific heat capacity. R"
is measured in JK-1.

Water equivalent : The water equivalent of a body is the
mass of waler having the same thermal capacity as the body. If a
body of mass ‘'m’ kg has specific heat capacity of ‘s’ J kg~* K~*.
then its water equiyalent is .

W = ms/4180 kg.
2. 3. 3, NEWTION'S LAW OF COOLING

It states that the rate of loss of heat (due to radlation) of a
hot body is proportional to its excess of temperature over that of the
surroundings.

If a body which is at a mean temperature @, loses a quantity
of heat energy H in a small interval of time due to radiation, then
the rate of cooling,

(F)cw-a

where @, is the temperature of the surroundings. (9 - 0,) & the
mean excess of temperature over the surroundings. .
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SPECIFIC HEAT CAPACITY OF A LIQUID BY THE
METHOD OF COOLING

An empty copper calorimeter with the stirrer is weighed. It
is then filled almost fully with water, It is heated to about 80°C
{353 X) in a water bath without altering the nature of outer sur-
face during the experiment. It is then removed, dried and then
suspended in a constant temperature enclosure. The water is
kept stirred all the time. The temperatures are recorded at regu-
lar intervals till the water cools to about 50°C (323 K). The
calorimeter with water is now weighed.

The calorimeter is then emptied, dried and filled with an
equal volume of liquid whose specific heat capacity is to be found
and the experiment is repeated. The calorimeter with liquid is
weighed. The cooling curves for water and liquid are drawn on
the same graph sheet. From the graph, the time taken for water
and liquid to cool through the same range of temperature is
noted. The readings are recorded as given below .

Mass of empty calorimeter and stirrer = m, kg
Mass of calorimeter + stirrer 4 water = m, kg
Mass of calorimeter + stirrer <4 liquid = m, kg
Mass of water taken = (my—m,) kg
Mass of liquid taken = (my—m,) kg

Since the calorimeter is filled with the same volume of wawer
and liquid the area of the cooling surface is the same in both .
cases. The same range of temperature is taken for both. There-
fore the difference in temperature between the calorimeter and
the surrounding is the same. Therefore therate of loss of heau
must be the same according to the Newton’s law of eooling.

Let ¢, be the time taken for water to cool from 9,°C to 8,°C.
- Let 1, be the time taken for liquid to cool from @,°C to 8,°C.
The rate of loss of heat energy by calorimeter and water at
01 + 05\ o - (mys+MS) (0,—0s)

the mean temperature 2 Cis = .
where ‘s’ is the specific heat capacity of the material of the
calorimeter and ‘S’ the specific heat capacity of water and

M = (m,—~m,) is the mass of water taken.
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The rate of loss of heat by calorimeter and liquid at the mean
(m; s4+mX) (8,—0s)
"

‘where ‘X" is the specific heat capacity of the liquid that is to be

found out and m = (m,—m,), the mass of liquid taken.

temperature for the same range (@,—0.) =

_ Since the rate of loss of heat is the same in both cases

(mys + MS) (0,—0s) _ (mys + mX) (9,—0s)

1, ‘ tg
. (mys + MS)  mys 4+ mX
1.€. =

t ty

from which ‘X’ is calculated.

Thus, using Newton’s law, the specifiic heat capacity of a
liquid can be determined.

2 3. 4 SPECIFIC HEAT CAPACITIES OF A GAS

A gas is.characterised by its pressure and volume. Accor-
ding to Boyle’s law when the temperature remains constant, the
pressure of a given mass of a gas varies inversely as the volume.
From Charles law we know that the volume of a gas at constant
pressure varies directly with absolute temperature or the pressure
of a given mass of a gas at constant volume varies directly
with absolute temperature. This shows that gases are highly com-
pressible and therefore changes of temperature cause enormous
changes in both the pressure and the volume of a gas. Since
the gas can expand with volume remaining constant or with

pressure remaining constant, we have two types of expansions
and hence two specific heats.

SPECIFIC HEAT CAPACITY AT CONSTANT VOLUME(C,)

The amount of work that is to be done on one kilogram of a
gas at constant volume for a rise of temperature is known as the
specific heat capacity of the gas at constant volume (C,). In this
case, the work done is utilised in increasing the internal energy
of the gas in whatever manner the energy may be distributed
among the molecules and the atoms of the gas,



.7
SPECIFIC HEAT CAPACITY AT CONSTANT PRESSU RE(C))

The amount of work that has to be done on one kilogram of
the gas at constant pressure for a rise of temperature of 1 K is
known as the specific heat capacity of the gas at constant pressure
(€p). In this case since the pressure is kept constant, there is
an increase inthe volume of the gas as the temperature rises.
The gas is allowed to expand against external pressure. This
expansion of the gas causes external work to be done by the gas
and this energy expansion has to be taken from the heat supplied
to the gas. In addition to this, there isan increase in internal
energy also. Hence Cy is greater than C,.

2.3..5. MEYER’S RELATION

The specific heat capacity at constant pressure ‘Cp’ and the

specific  heat capacity at constant volume C, are related by the
following relation:

(Cpb —Cy) =R where 'R’ is the universal gas constant.

This is known as Meyer’s relation connecting the two specific

heat capacities of a gas, -

Exercise 2. 3 5

1. Define the specific heat capacity of a substance. What is
the unit in which it is measured?

2. Explain the thermal capacity and water equivalent of o
substance. 4

3. State and explain Newton’s law of cooling.

4. Howis the specific heat capacity of a liquid determined
experimentally by the method of cooling?

5. Explain why a gas has got twe specific heat capacities.

6. Define the two specific heat capacities of a gas  What is

the relation connecting them? ,

2. 4. CHANGE OF STATE -
2.4.1 EVAPORATION |

It is a'common phenomenon to find that a liquid exposed to
atmosphere slowly disappears on account of evaporation. Liquids
such as alcohol, ether etc, evaporate quickly whereas liquids
like water, oil etc., take a long time to evaporate. Evaporation
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is therefore the process by which a liquid is slowly or quickly
converted into its vapour at normal temperatures (below the boi-
ling point). Evaporation takes place from the surface of the
liquid exposed.

According to the kinetic theory of matter, a liquid consists of
molecules which arein constant random motion. The velocities
of these molecules are quite large. Some of these molecules
near the surface of the liquid having velocities large enough to
escape from the liquid, go out of the liquid into the space in the
form of vapour. Similarly. some of the vapour molecules enter
the liquid also. But the number of molecules leaving the liquid
is usually more than the number returning into the liquid.
(These numbers will be equal if the vapour is saturated.) There-
fore the volume of the liquid gradually decreases.

2. 4. 2. VAPOUR PRESSURE

If the liquid is kept in an enclosed space and if the number
of molecules leaving the surface is equal to the number of mole-
cules returning to the liquid, the vapour formed is said to be
saturated. The pressure due to this number of molecules of
the liquid is called saturated vapour pressure. 1If sufficient lig-
uid is not kept in the enclosed space, all the liquid would have
evaporated forming unsaturated vapour and the pressure of the
vapour inside the enclosed space is called unsaturated vapour
pressure.

Consider three barometers in a wide vessel containing mer-
cury. The space above mercury in a barometer will be vacuym.
The height of mercury in all the three tubes would be the same,
Let-it be H. The atmospheric pressure is equal to the height'}’
of mercury.

In one barometer, introduce about 0-S cc of alcohol by means
of a bent pippette. In the second barometer introduce about
10 cc of alcohol.  Alcohol goes to the top of the mercury column
and evaporates. No liquid is introduced in the third ‘barometer.
The height of mercury in the third barometer is H (Fig.2-10).

There is some alcohol lé,ft over the mercury in the second
barometer. This means that the vapour is saturated. There is
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1o aleohol left over mercury in the first barometer. This means
that the vapour is unsaturated.
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Fig. 2.10
Saiurated and uwnsaturaied vapour pressures

Let the height of mercury in the first barometer be H, and
that in the second be M, and that in the third be H. The
pressure of unsaturated vapour in the first barometer is (H—H,)
The pressure of saturated vapour in the second baremeter
(H—H,).

(F—H,) is greater than (H—H,). This indicates that the
pressure of saturzied vapour is greater than that of the unsaturs.
ted vapour. ‘

The saturated vapour pressure of a liquid increases with
increase in temperature  Sinee the wvelocity of the molecules
increases with riee of temperature, a large number of molecules
Jeave the sucface cf the liquid forming vapour af higher tempera
yure  In equilibrium condition a large pumber of molecules
will be found in the enclosed space.
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. 4. 3 VAPOUR PRESSURE AND BOILING POINT N

When a liquid in an enclosed space is stowly heated and as
the temperature of the liquid increases, a large number of mole-
cules get out of the free surface of the liquid forming the vapour
So the saturated vapour pressure of the liquid also increasgs
After some time vapour bubbles begin w form within the liquid
itself and move up to the surface. Soon the entire liquid attains
the state of boiling at a definite temperature called ‘‘Bolling
Peint” and the liquid gets gradually converted into vapour
The constant temperature at which the change of state from
liquid to vapour takes place is known as the boiling point of the
liquid. The supply of heat is not able to increase the tempesa-
ture of the liquid but converts the liquid into vapour. Thus the
heat supplied to every kilogram of the liquid is hidden in the va-
pour and is kmown as latent heat of vapourization. If each kilo-
gram of the vapour is allowed to condense into liquid, it gives
out the same amount of heat and it is termed as latent heat of
condensation. When a liquid begins to boil, the saturated vepour
pressure of the liquid becomes equal to the external pressure
acting on it.  So the boiling point of a liquid can be defined as the
temperature at which its saturated vapour pressure becomes equal to
the external pressure acting on it.

2.4,4. DETERMINATION OF THE BOILING POINT OF
A LIQUID BY THE J-TUBE METHOD

A “J’ tube with a longer limb of height 20 cm and a shorter
limb of height 5 cm, closed at the top is taken (Fig. 2-11). It
is filled with mercury such that the whole of the shorter limb and
a portion of the longer limb toa height of about 2 cms is filled
with mercury. A few drops of a liquid whose boiling point is to
be found is introduced into the shorter limb. It rises to
the top and a portion of it is vapourised and the rest of it remains
on the surface of mercury. The ‘]’ tube is attached to a scale
and placed in a water bath and heated. As the temperature
rises, the meroury is pushed down by the liquid vapour im the
shorter limb. At a temperature @, °C the levels of mercury in the
limbs become equal. The temperature is noted. The heating
is continued till there is a difference of about 1 cm between the
levels of mercury in both the limbs. The bath is then allowed
to cool.
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As the temperature falls, at another temperature @, °C
once again the mercury levels in both the limbs becomes equal.

0, + 92).

The average temperature ( > is the temperature at which

the saturated vapour pressure of the liqu ﬂ
becomes equal to the external pressure. By
this experiment the boiling point of a liquid
which "is available in small quantities can be
ascertained. -

2.4.5. ELEVATION OF BOILING
POINT WITH INCREASE OF PRESSURE

The boiling point of water is 100°C at
normal pressure. If the pressure is increased
by keeping the water in an enclosed vassel and
not allowing the vapour to escape, the pressure : _
increases and thereby the boiling point of Beiling Point by
water rises when heated. using a J-tube

At higher altitudes like those of mountain tops, water starts
boiling even before it reaches 100°C (373K) due to lower atmo-
spheric pres sure prevailing there. Therefore cooking becomes
difficult. Similarly when pressure increases there is an increase
in the boiling point. This principle is used in pressure cookers.
In an ordinary cooker the temperature will not go above the
steam point (373 K) and hence the foodstuff will be maintained
at this temperature and it takes a long time for the the substance
to be cooked In a pressure cooker the increased pressure.
increases the boiling point so that vegetables and other foodstuffs
are raised to a much higher temperature than the normal boiling
point and hence the substance is cooked quicker than in an
ordinary cooker,

Baerodse 2. 4

1. Explain the phenomenan of evqporation.

2. What is meant by saturated vapour and saturated vapour
.. pressure?
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3. Describe an experiment to demonstrate that the saturated
vapour pressure is the maximum pressure that could be
exerted by a vapour at a particular temperature.

4. What is “boiling point’ of a liguid? How does the bodting
point depend on the vapour pressure?

5. Describe an experimental method of determing the boiling
point of a liquid, using the property of saturated vapour.

6, Explain the working of a pressure cooker.



3. ELECTRICITY AND MAGNETISM

3.1. ELECTROSTATICS
3.1.1. ELECTRIC CHARGE

Ancient Greeks, as long ago as 600 B.C. observed that amber
{a kind of hardened resin), when rubbed with fur, atracted
very light objects like bits of straw. Today it is known that any
solid, rubbed with a suitable material under suitable conditions
will attract light objects to+a certain extent. A familiar example
is a rubber or ebonite comb after it has been used o comb dry
hair, attracting bits of paper. This
property is described by saying that
the solids have been electrified or
have acquired electric charge. The
terms ‘electric’, ‘electrified’ etc,, are ::
derived from ‘electron’, the Greek® —_—>
word for amber.

An ebonite rod can easily be
slectrified by rubbing it with a piece
of fur and a glass rod by rubbing it
with a piece of silk and both rods will
attract small bits of paper or suspen-
ded pith balls. It will alco be noticed
thet if the attracted bits of paper or
pith ball make contact with the rods,
they will cling to the rods momernta-

o
ipeeevess

{premengs

raily and then will be repelied away. Fig. 3-1
The reason for this will be evident Electrified rod aitracts and
later. then repels 2 pith ball

B &

Now, if an electrified chonite rod is brought near another
slectrified ebonite rod suspended by g silk thread, they are
found to repel each ocher.  Similarly two clectrified glas: rods
will repel each other, but an clectrified glass rod will attrict an
electrified ebonite rcd. This leads to the idea that there are
two kinds of electric charges and that like charges repel each

Phy—=6
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other and unlike charges attract each other. e charge on the
clzctrified ebonite rod is referred to as negative charge an.d that
on the electrified glass rod as positive charge. If we examine the
fur with which the ebonite rod

was rubbed, it will be found to

have an amount of positive charge, (
equal to the amount of negative €
charge on the ebonite rod. Simi- '( §
larly the silk with which the

glass rod was rubbed will have € o
an amount of negative charge.
equal to the amount of positive
charge on the glass rod. This
¢can  easily be explained, if
we Jook at the structure of atoms.

Every atom has a positively L?é
E
1]

N

~

charged nucleus, consisting
either of a single positively char-
ged proton as in the case of hy-
drogen, or of protons and
uncharged neutrons, and nega-
tively charged electrons which
orbit round the nucleus.
The amount of positive charge

on a proton is exactly equal to the amount of
negative charge on an electron and in any atom, the number
of protons in the nucleus is exactly equal to the number of
orbiting electrons. Hence an atom as a whole is always neutral.
When a glass rod is rubbed with silk, some of the electrons from
the glass rod are transferred to the silk, so that the glass-rod
now has a deficiency of electrons or negative charge,which makes
it positively charged. The silk on the other hand has now an
excess of electrons and this makes it negatively charged. Simi-
larly when an ebonite rod is rubbed with fur, the ebonite rod
gets some extra electrons from the fur, thus getting negatively
charged and the fur which has lost some electrons becomes posi-
tively charged. So when bodies are electrified by contact—rub-
bing is only to facilitate contact—there is no “creation” of
electric charge, but only a redistribution of the negatively charged

Fig. 3-2
Repulsion and attraction
between elecirified rods
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electrons. Itshould be temembered that it is always the light
negatively charged electrons which are transferred from one
body to another and never the heavier positively charged pro-
tons. The amount of charge on a single electron or a single
proton is the smallest amount found on any particle This
quantity is denoted by ‘e’ and has a value equal to 1:6029 x 10-1*
coulombs, the coulomb being the unit of charge in the S. I
system of units. Since eletrification is due to redistribution of elec-
trons, a body can have charge only in multiples of ‘’. Hence
the electric charge on a body cannot be increased continuously,
but only in steps of ‘e’. This phenomenon is referred to as
‘quantisation’in Modern Physxcs. the quantum {or small) unit in
this case being the charge '¢’ on an electron. e

I

|

3.1.2. CONDUCTORS AND INSULATORS

We have seen that an ebonite rod held in hand and rubbed
with fur attracts bits of paper. On the other hand,a brass rod
held in hand and rubbed with fur will not show this property.
But if the brass rod is provided with a glass handle and then it is
rubbed with fur, holding it by the handle,it will attract bits
of paper. Butif therod is now touched by hand or electrically
connected to the earth, it will immediately lose its attracting pro-
perty. This is because, the charge acquired by the brass rod is
conducted away to the earth, through the hand. In the case of
an ebonite rod the charge acquired by it remains stationary on it.
Substances like brass which allow eletric charge to move through
them are known as conductors and substances like ebonite, glass
etc, which do not allow charge to move through them are known
as insulators. All metals and their alloys are good conductors. '
In the atoms of a metal, the orbital electrons (valence electrons)
are not.yery rigidly bound te their nuclei and they are capable of
drifting around, whereas it is not so in the case of insulators. '

3.1.3. ELECTRIC INDUCTION '

If a negatively charged body A4 is brought near the end B of
a conductor BC mounted on an insulating stand, it will be
found that the end B acquires positive charge and the end C,’
negative charge, It can be shown that the amounts of positive
and negative charges at B and C sre exactly equal in magnitude and
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equal to the amount of charge on 4. If A is now maved away,
the positive and negative charges will redistribute in 8C
and BC will be neutral again. But if in the presence of 4, the
end C is touched, or connected to carth, the negative charge will
escape to earth and if now A is removed, the positive charge at
B will redistribute itself uniformly throughout BC, thus making
B€ a positively charged body, having the same amount of
charge on it ason 4. This method of charging a body is known
as charging by electrostatic induction.

Fig. 3-3 Fig 3-4
Charging by induction Attraction and repulsion of a
pith ball

Attraction of an uncharged body by a charged body is al-
ways preceded by induction. Let a positively charged body 4 be
brought near a suspended pith ball BC. The end & of the ball
acquires induced negative charge and the end C, induced posi-
tive charge.. Since 4 is nearer to B than to C, the fo-ce of attr-
action between A and B will be greater than the forc: of repul-
sion between A and C. Hence the pith ball will »e attracted
towards 4, but as soon as it malies contact with £, syme of the
¢lectrons from B are transferred to A4, neutraiising part of the
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positive charge on 4 and leaving a net positive charge on the pith
ball. Now since 4 and the pith ball have both positive charge
the pith ball will be repelled by A

3.1.4. FORCE BETWEEN CHARGES

A French scientist by name Charles Coulomb— the unit of
electric charge is called coulomb in his honour —formulated
the law of forces between point charges. He siated that the
force, whether attraction or repulsion, is directly propor-
tional to the product of the magnitudes of the charges and
Inversely proportional to the square of the distznce beiween
them and is along the line joining the charges. i.e. the force
F between two charges ¢, and g, separated by a distance 7 is

given by F & %r,q YorFa K %& where K is constam of

proportionality. The value of K depends on the choice of units
of F, r and q. Since the units of F and r are already fixed as
newton and metre in the S./1. system of units the value of & will
depend only on the choice of unit of g. The unit of charge,
coulomb in the rationalised M.K.5. sysiem and S.I, system is
fixed from considerations of force between electric currents
and hence thr value of K is found experimentally. But

instead of X, the constant usually used is for free space

47{30
{or vacuum) and Goulomb’s law is written as
1 SRR
F = 4‘]“80 ra 21 (3'1)

£, is a constant known as the permitivity of free space. Inany
other medium,

1 ¢, 4
F = TE A e (3-1)

where € (=E.£;) is the absolute permitivity of that particular
medium where £, is the relative permitivity or speaific inductive
capacity of the medium. £ for air is very nearly equat 10 €,
newton-me red
coulomb?

1 9
JThe value of &F, works out to 9 X 1D

Hence the force between two charges, each of 1 coulomb
separated by 1 metre in vacuum is 9 X 10° newtons. Compared
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to gravitational attraction between bodies of comparable
size, this force is very very large—about 103 times and
hence when calculating electrical force between charges, the
gravitational force which exists between all bodies can be com-
pletely neglected. It should also be noted that the gravitational
force which exists between all bodies can be completely neglected.
It should also be noted that the gravitational force is always
one of attraction, since there is only one kind of mass unlike two
kinds of electrical charges.

3.1.5. ELECTRIC FIELD

The fact that when two electric charges are kept near each
other, there is a force acting on each other even though there is
no actual contact between them, leads to the idea that the presence
of a charge modifies the space surrounding it. This modified
space is referred to as an electric field. (compare gravitational
field). The intensity of the electric field at any point is a vec-
tor quantity and is measured in magnitude and direction by the
force experienced by a unit positive charge kept at that point
A unit charge placed at a point distant r metres
in vacuum from a charge ¢ coulombs will experience a force

1 g x 1
Ang, I3
and hence the intensity E of the field at a distance r from charge
g is given by

1

newtons

L ‘
E = inE.c newtonsfcoulomb, . (3.3)

In a field of intensity £ newtons{coulomb a charge Q coulomb
will experience a force F = EQ ncwtons.
3.1:6. ELECTRIC LINES OF FORCE

It was Michael Faraday who introduced the concept of
lines of force. A line of force in an elestic field is an imaginary
line drawn in such a way that the direction of the tangent drawn to
it at any point gives the direction of the field at that point. The
lines of force are generally curved.

Even though a line of force canbe drawn through every poim
in an electric field, usually the number of lines are restricted,
. so that the number of lines crossing unit area taken atright angles
to them, gives numerically, the intensity of the electric field
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In a cegion where the intensity is large, the lines will be closer
together than {n a region, where the intensity is small, If £1is the
uaiform electrical inténsity in a direction perpendicular to 4,
the total number of lines of force passing through A4 will be £ A4,

Fig. 3-5
Lines of force

To calculate the number of hines of forpe emanating from a
point charge g, consider a sphere of radius r concentric with the
charge. The total number of lines of force passing over the
whole surface area of the sphere = E. 4.

i

- —. 9 2
ing, 18 4ner
= q/€,

i.e. the total number of hines of force emanating from the point
charge kept in vacuum is equal to g/t,. Lines of force are al-
ways continuous lines starting from a positive charge and
ending on a negauve charge.

3.1.7. ELECTRIC POTENTIAL

If a unit positive charge is kept near a positively charged
bedy, it experiences a force of repulsion which measures the
electric intensity at that point, If the unit positive charge is 1o
be moved against this force of repulsion, work will have to be
done and this work will be stored in the system as poten-
tial energy. {(Compare with the potential energy gained when a
body is moved up f{rom the surface of the earth against the
gravitational attraction.) 1f the unit positive charge were per-
fectly free, ¢ would move down the potential gradient, i.e. away
from  the positive charge due w0 which the
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potential exists, i.e. a positive charge will always move from
a point of higher potential to 2 point of lower potential  This is
analogous to heat flowing from a point at a higer tempsrature w
a point at a lower temperature and water flowing from a higer
level to a lower level.

The electrical potential difference between two points 4 and
B is measured by the work done in carrying unit charge from B
to A. The electrical field as well as the potential a1 a point at an
infinite distance from the charge can be taken to be zero and so
the potential at the point A will be the work done in taking a unit
positive chasge from infinity upto A. Let {VV,—V,) be the smal)
potential difficrence between two points separated by a small
distance (x,~z,) the electrical intensity E over the small distance
(x,—x,) remaining constant. The force on unit pesitive charge
is E and the work done in moving it through
{x,—x,) = -—E{x;—X,;) the negative sign showing that the
displacement (x,—x,) is opposite to the direction of E. Hence

V=V, = — E(x;~x,)

V, ~V
Ew— A 2
 OF Xy = Xy G4

i.e. electric intensity at any point is the negative gradient of the
potential at that point.

The S.I. unit of potential is the volt which is defined as the
difference in posential between two points 50 shat one joule 7f work
is dome in carrping 1 coulombd of pasitive charge from one point to
the other. ’

joule
t B
volt = coulomb
ey . volt . :
The clectrizal intensity £ = etre which can be shown to

be the same as newtonsfcoulomb as defined earlier.

- volt Jjoule _ newtonXmetre newion
- - B grvire < s S
" metre ~ coulomb X metre  coulomp X metge couiginb
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The electrical potential is a scalar quantity i.e. it hag
onty magnitude and no direction c
whereas the electrical intensity
is a vector quantity having both
magnitude and direction. The A
potential difference between two :
points depend only on the posi- 8
tion of the points and not on
the path between them. The
wark done in taking a unit charge

from A4 to B will be the same, Fig. 3-6
whether the path taken is ACB  P.D. betwcen A and B
or ADB. independent of path

The potential st a point distant r metres from a positive
point charge ¢ coulombs in vacuum is

1 9
Va ant, -~ volts o 3.5

3.1,8. EQUIPOTENTIAL LINES AND SURFACES

An equipotential line is a line joining points where the poten
tals are the same. Similarly an equipotential surface is one at
all points of which the potential has the same valye.

Since the potential at every
y point on the equipotential
surface is the same no work will
be done in carrying a charge from
one point to the other on the
surface. Hence the direction of
the electrical field will be normal
to an equipotential surface at
avery point or the lines of force
will be normal to an equipoten.
tial surface. The surfaces of ali
charged conductors are equi-
/ potential surfaces. The space
Fig. 347 inside 2 charged hollow sphere

Lines of force (arrows) and iS a8 cquipatential volume and

equipotential lines around a &/ surfaces concentric with the
positive charge surface of the sphere will be

equipotential surfaces.
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Exercise 3.1,
How many kinds of charges are there?
What is the nature of force between charges ? )
Is a normal atom neutral because of the absence of char-
ges ? If not, what is the reason ?
After electrons are removed from a neutral body, whai
would be the nature of the body ?
What happens when a glass rod is rubbed with silk ?
What happens when an ebonite rod is rubbed with fur ?
When one body is rubbed with another, are positive char-
ges ever transferred from one to the other ?
What is the difference between a conductor and an
insulator ?
What happens when a negatively charged rod is broughi
near an uncharged, insulated maetal sphere ?
Whar happens if in the presence of the negatively char-
ged rod,the metal sphere is earthed ?
What happens when an insulated uncharged metal sghere
is touched by negatively charged rod ?
Two positive charges of magnitudes 5 coulombs and 3
coulombs respectively are kept at a distance of 3 metres
Jrom each other in vacuum. What is the force between
them ?
What is the electrical field at a point distamt 2 metres in
air from a_point charge of 5 coulombs ? - Assume € for
air to be equal to €,
What is the force on a charge of 2 coulombs in an elec-
tzic field of intensity 4 newtons/coulomb ?
Kow is the electrical potential difference between two
points defined ?
How s the electrical potential at a point defined ?
Find the work done in taking a charge of 2 coulombs
between two points which differ in potential by 2 volts.
What is the potential at a point distant 3 metres in air
Jrom a positive point charge 5 coulombs ?
What is the potential diffrence between 2 points distant
2 metres and 3 metres respectively in air from a point
charge 6 coulombs ?
What is the work done in taking a charge of 3 coulombs
Jrom a point 4 metres distant to a peint 2 matres disiant
in vacuum from a point charge of 5 coulombs ?



3.2 CURRENT ELECTRICITY

{

3.2.1. ELECTRIC CURRENT

As we have seen earlier, in certain subsances, charged
atomic particles can move freely through the material.  In such
a substance, an electric charge can be transferred from one point
to anather by a general drift of the charged particles within it
Such a movement of an electric charge is called an electric
current and the current is equal to the quanuty of charge pas-

sing a given point ir unit time. .

As mentioned earlier, materials through which charged parti.
cles can move freely or through which an eleetric current wil)
pass are known as conductors. Metals with free valence electrons
are good conductors. Another important type of conductors is
the class of solutions known as electrolytes, When ceriain chemi.
cal compounds go into a solution, they break up into positively
and negatively charged parts or ious, These move independen.
tly in the solution and are therefore available to conduct electri¢
curreat through it. When there is a potential difference between
two points along a conductor, charges will flow from one point 1o
the other, immediately equalising the potential. This will cons.
titute a transient current. If a steady current is to be maimained
between two points along a conductor,a sieady potential differ-
ence has 10 be maintained between these two points, This is
done with the help of devices such asan electric battery or a
dynamo. The positive direction of the current is taken as the
direction in which positive charge would flow. Butsinceina
metallic conductor it is always the negative electrons which move,
the conventional direction of current is opposite to that of the
flow of electrens. In an elecirolyte, both pesitive and negative
ions move, but in opposite directions, thus contributing to the
current in the same direction. ,

Although we cannot sec the movement of electric charges
when a current flows, the presence of the current is detected
usually by one of the three effects (i) heating effect (ii) chemica)
effect or (i) magnetic effest,
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3.2,2. MAGNETIC EFFECT OF A CURRENT

Itis found that a magnetic field is produced around a con-
ductor carrying current as shown by the deflection of a pivoted

Fig 3-8
Magnetic needle NS deflected by a current
magnetic needle. The direction of the magnetic field is given
by Ampere’s swimming rule. Imagine a man swimming along
the conductor in the direction of the current with his face to-
wards the magnetic needle. The north pole of the needle is
deflected towards his left.

Also a conductor carrying current experiences a force
when placed in a magnetic field, except when the field is in the
same direction as the current. Hence a conductor carrying

Fig. 3-9
Force between currents
current kept parallel to another conductor carrying current will
experience a force. If a large current is passed through wo
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flexible conductors, it will be seen that when the currents are in
the same direction, there is a force of attraction between the
conductors drawing them together and when the currents are in
the opposite direction, there is a force of repulsion between them.

The ST unit of current, called the ampere, in honaur of the
Frenth scientist who established the laws governing the magnetic
forces between currents is based on the force between conducsors
carrying currents

The ampere is that steady current, which flowing in two infins-
tely lang straight paratlel conductors of negligible circular cross
section, placed a metre apart in vacuum produces a force between
them of 2 X 10~" newions per metre length of conductor.

The unit of charge is coulomb and is derived from that of
the ampere.

i

The coulomb is that quantity of electric charge that passes a
given point in a circuit when a current of one ampere flows for one
second.

If a current of I ampere flows in g circuit for f seconds, the

quantity Q of electric charge that passes is given by 0 = It
coulombs.

The charge on one clectron is —16029 x 10~'? goulombs so
that one coulomb is numerically the charge on nearly 6-24 X 10~
electrons,

As stated earlier, potential difference between CWO points
acts so as to drive an electric current from the point at higher
potential to the point at the lower potential. It is equal to the
work done or energy converted from electrical to other forms per
unit charge passed.

The volt, named in honour of the Italian scientist Alessandro
Valta, is the potential difference between two poims if the work
done in carrying 1 conlomb of positive charge fram one point 1o
another is 1 joule.

If a charge O coulombs flows between two pomts which are
at a potential difference of ¥ volts, the electrical energy used is
given by .
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W = QV joules.
or W = It. V joules, since® = It
i.e. W = IV,¢t joules (3.6)

_The unit of energy which is used in atomic and nuclear cal-
culations is thc electron volt. It is the quantity of energy gained
by an electron in falling through a potential difference of 1 volt.
Since the charge on one electron is 1'6029 X 10-!* coulombs, one
electron volt (eV) =1'6029 x 10-*? joules.

3.2.3. OHM’'S LAW

A current flows in a conductor, between two points when
there is a potential difference between them. The relationship
between the current and the potential difference is given by
Ohm’s law, which states that a steady current flowing through a
metallic conductor is proportional to the potential difference
between its ends provided the temperature remains constant,

i.e. I ac V or V[I=constant for a given conductor at constant
temperature. This constant, given by the ratio of potential diffe-
~ rence to current is known as the resistance of the conductor.

i.e. ¥/I= R when temperature is constant. The S.7. unit of
resistance is the ohm. The ohm is the resistance of the
conductor through which a steady current of 1 ampere passes when
a potential difference of 1 volt exists across it,

3.2.4. RESISTANCES IN SERIES

v

“ ------ a--—-:vo -----.h.--,,
1 E R Ra Ra E
e MM AMAMAA Ay

eV g =P RV e e\ 504

Fig. 3-10 t
Resistances in series

Let R,, R,, R, be three resistances, connected in series as
shown in Fig, 3-10, so that the same current i/ flows through
them. Then the combined effective resistance R is given by
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R = Vil whete ¥ is the total potential difference across the
combination. ¥ is the sum of the separate potential! differences
across the individual resistances.

V =V, +V,+V,
and V, = IR, V,=lR,andV,-I&.
V =1IR= IR + IR, + IR,
orR =R, + R, + R, e (37

This relationship will hold goed for any numbaer eof resistances
connected in series.

3.2.5. RESISTANCES IN PARALLEL
In this arrangement as shown in Fig. 3-1}, the same
potential difference V exists across all the three resistances, R,,
R
[ Ra

Yt 3 ANV
X V Ia Rs r--k?
MV

Fig. 3-11
Resistances in paralell

R,,and R;. The current 7 in the main circuit, divides into
three portions, /,, {,, 1, passing through R;, R, and R,

and I=1, +1 +1, .
Now i, = VIR,, I, = V|R, and I, = V|R, and ¥ R be the
combined effective resistance,
R= -I;-OII = %
: 14 | 4 v v
Heee ¢ = Ft B * #&”
i 1 1
This relationship also will hold good for any number of

resistances connected in parallel. If there are » resistances, cach
of them equal to R, the combined effective resistance will be R/n.
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If there are only two resistances R; and «R:M in
parallel

1 1 |

Rk tE
- [R 3.9
,O!‘R R‘*i-i; ( )

" and if 1, and J, are the currents through R, and R, respectively,

R, R
I,R;IaRs"V-lRﬂ]m’

 Hence f, = (R——LR)Ia.ndI, ( )1 (3101

i. . the current in either of the two branches depends on
the resistance in the other.

3.2.6. RESISTIVITY OR SPECIFIC RESISTANCE «

¥ . .
The resistance of a conductor at a given temperature

depends on its length and cross sectional area and the material
of which it is made. It is seen that the resistance of 2 uniform
conductor is directly proportional to its length I, and inversely
proportional to its area of cross section 4, i.e. as the length of a
conductor increases, its resistance increases, but as its thickness
jncreases, its resistance will decrease.
N ! 7

Rec T orR = p, P
where p is a constant for the material of the conductor known as
its resistivity or specific resistance. The value of p is given by

RxXA s
p=—0

and it folfows from this equation, that the dimensions of p is resis-
tance X length and hence its unit is ohm-metre in the S.J. system.
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B Exercise 3.2
What is an electric current 2

What is the type of force between two parallel condug-
tors carrying current in the same direction ?
Define the unit of current in the S.J

What is the conventional direction of current in
a conductor ?

Do electrons in a conductor move in the direction of
the conventional current ?

Define coulomb, the unit of charge in the S.J
Define volt, the unit of potential difference.

Calculate the amount of work done when a charge of 3
coulombs is passed between two points which differ in

. potential by 4 volts.

What is the amount of electrical energy expended when
a current of 5 amperes passes for 2 hours through a con-
ductor, the potential difference between the ends of
which is 20 volts ?

What is an electron volt and what is the relationship
between an electron volt and a joule ?

State Ohm's law.

When two resistances are connected in parallel, will
the equivalent resistance be greater or smaller than
when they are connected in series ¢

Two resistances R, and R, when connected in series
have an equivalent resistance of 10 ohms and when con-
nected in parallel, the equivalent resistance is 2°4 ohms.
Find Ry and R,.

A resistance §s marked as 2 ochms has actually a value of
2:05 ohms. Calcylate the resistance to be connected
in parallel to it 50 as to bring the effective resistance to
the marked value.

The resistance of a conductor of length 2 metres and
radius 02 mm is 0'6 ohms. Find the specifie resis-
tance of the material of'the conductor,

By~



1.3. MAGNETISM
3.,3.1. INTRODUCTION

It was known for a very long time that pieces of iron ore
found in Magnesia, which ¢came to be known as natural mag
reets could attract unmagnetised iron and also set themselves ap-
proximately in the north-south direction, when frecly suspended
about a vertical axis. But it was not until early nineteenth -cen-
tury: that it was discovered that there was any connection bet-
ween electrical and magnetic phenomena. The Danish scientist,
Hans Christein Oersted in 1819 showed that a pivoted magnetic
needle deflected in the presence of a wire carrying electric
current i.e magnetic effeets could be produced by an electric
current or moving electric charge. Now it is established, thar all
magnetic foroes arise because of charged particles in motion.
Since all atoms, contain circulating electrons, they are inherently
magnetic. To a iarge extent, the orbits of electrons, form equal
and oppotite pairs, cancelling out their magnetic effect, but with
many atoms, thereis some residual magnetic effect,caused usually
by the spin of the electrons. (The electrons in an atom, apart from
orbiting round the nucleus, also spin about their own axes.) With
most substances, the effects observed are very small, but in sub-
stances like iron, nickel, cobalt etc., the effects are very intense
and these substances are called ferre magnetic materials. It is
from these ferro mmgnetic materiaks that artificial magnets are
made.

3.3.2. MAGNETIC FIELD AND MAGNETIC INDUCTION

The space around & magnet or a current carrying conductor
is known as a magnetic field just as the space around an electric
charge is known as an electric field. And a magnet or a current
carrying conductor will experience a force in an electric field.
The electric intensity E at a point in space is measured in terms
of the force F acting on a positive charge Q kept at that point

or E = FIQ ’ :
The corresponding quantity that desciibes a magnetic field
is called its magnetic induciion and is represented by the
Ietter B, One way of defining magnetic induction 3t a poiat i in



9

terms of the magnetic force F exerted on a small length of wire
carrying an electric current. If the length of the wire is  and the
vatue of the current 7, the magnitude of B is given by the relation

B = F
=ITsin@
where @ is the angle between the directions of / and B. It follows
from Eqn. (3-11) that (i) when the force is zero, @ is zeroor 1 and
B are in the same direction and (ii) when the force is maximum,

and B are at right angles to each other. It has alse been found
that the direction of force is 2t right angles to the directions of

FORCE oo S 4

© (L)) ©

Fig. 3-12
(a), (b)~Left hand rule (c) force on 2 current in
magnetic field

both f and B. This is given by Fleming’s lefy hand rule. If the
thumb and the first two fingers of the left hand are held mutu.
ally at right angles and the first finger is pointed in the direction
of the field while the second finger is in the direction of the
current, then the direction of the thumb gives the direction of the
force.

From Eqn (3-11) it follows that the magnetic induction B at a
point in @ magnetic field is the force per unit length on a conductor
carrying unit currens, lying at right angles to the magnetic field at
that point.

In the S.I sysiem since force is measured in pewtons,
cussent in amperes and length in metres, the' unit of magnetic
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induction is flewton/ampere-metre. This- unit Is now called a
Tesla.

" Just as electric intensity at any point is represented by the
number of lines of forceper unit area, magnetic induction at
any point can also be represented as magnetic lines of induction
per unit area, the area being perpendicular to the lines of induc-~
tion. The total number of lines of induction passing across any
area normal to it is known as the total magnetic flux linked with
that area and hence magnetic induction B is also known as mag.
aetic flux per unit area or magnetic flux density. The unit of
flux is the weber and hence the unit of magnetic induction or flux:
density B is also given as weber/metre®. Dimensionally, this can -
be shown to be the same as newton/ampere-metre.

Like the electric intensity or field strength E, magnetic indu-
“tion B is also a vector quantity and the direction of B at any
point in a magnetic field is given by the direction of the tangent
drawn to the line of induction at that point.

Another vector qnantity associated with a magnetic field is
the magnetic field intensity or magentising force denoted by
the letter H. H ata point in free spaca is related to the value of
B.

& H =B, (G.12)

where u, isa constant known asthe absolute permeability of
free space and has a valueof 4 v X 10-units. Hat a point
in any other medium is given by the relation

H = Blp

where g is the absolute permeability of that medium.
P = Bo.pr where f1, is the relative permeability of the medium.
For air, £ is very nearly equal to 1 so that # can be taken to
almost equal to f¢,. The unit of H, the magnetic field intensity

is given as ampere-turn/metre. The reason for this.will be evi-
dent later. )

The magnetic field intensn;ty or magnetising force H ks also
represented by lines drawn in the field. These lines are called

magetic lines of force and the number of lines of force per unit
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area represents the magnetic field intensity., In a given area,
the number-of lines of force will be I/t times the number of
lines of Induction in the same area where t is the absolute perme-
ability of the medium. The direction of the magnetic field at
any point is given by the direction of tangent drawn to the line
of force at that point.

3.3.3. MAGNETIC POLES

In 2 magnet, the magnetic properties appear to be congen-.
trated in certain regions only. These regions are called the poles
of the magnet. Magnetic poles are of two kinds. In a,magnetic
field, the force experienced by the two kinds of poles, kept in
turn at the same point will be in opposite directions. It is also
seen that like poles repel each other and unlike poles attract each
other. In any magnet, the poles always occur as equal and oppo-
site pairs. Experiments are being conducted to see whether
single poles exist, but so far, their existénce has not been conclu-
sively proved. :

In a uniform magnetic field, the two poles of a magnet will
experience equal and opposite forces in parallel directions and
these will constitute a couple whith will tend to rotate the magnet,
until its axis is parallel to the direction of the field.In the earth’s
field, which can be considered to be uniform over a small area
a pivoted magnetic needle will come to rest in the north-south
direction and the pole turned towards the north is called the
north seeking pole or north pole for short. Similarly the pole
turned towards the south is called the south seeking pole or south
pole.

\

IN 3]
&3 B8 9 W3

ED ED ED
Fig. 3-13
Cutting a magnet produces new poles

When a piece of magnetised material is broken into two,
fresh poles appear on cither side of'the break and this will continue




102 - ..

(AN

however large number of bits the material is broken inte. Even
when the material is broken down into its constituent atoms, each
atom can be assumed to be individually magnetised, with north
and south poles. As was stated earlier, this is due to the moving
clectrons in the atom. A coil of wire carrying a current also acts
as if it is a short magnet, with one face of the coil acting as a
north pole and the other a south pole, depending on the direction
of the current This again confirms the idea that all magnetic
effects are due to electric currents.

3,.3.4, FORCE BETWEEN POLES

Coulbmb’s inverse square law states that the force between
poles is directly proportional to the product of pole strengths and
inversely proportional to lhe square of the distance between them.

Le. Fo DLl

7 -
where m, and m, are two poles separated by a distance r.
or F‘—'-‘Cﬂ";'—"!

where C is a constant. In the 8.7 the value of C .

. 9
is taken as —%r- for free space or vacuum

Hence F= ‘:;ﬁ‘ a3 (.13)

where f, is the permeability for free space. g, has a value
4o X 107 henry/metre. (Henry is the unit of inductance and
will be defined later.) The unit of f, is also given as weber
ampere-metre and it can be shown that dimensionally both units
are the same.

In a medium other than free space, the force between two
poles will be given as

® m'm
F=m = ~ (3.13a)

where £ is the absolute permeability of that medium. As was
given earlicr, # for air is very nearly equal to .

. On the basis of Eqn (3.13), unit pole can be defined,
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It is the strength of the pole which when kept at
a distance of | metre from an equal and similar pole in

vacuum repels it with a force of ‘%‘:_—X 10~ newtons. The

unit ‘of pole strength is called ampere-metre, It can also
be defined as that pole strength which when placed in a field of
unit induction experiences a force of one newton. Thus a pole
of strength m ampere-metre placed in a magnetie field of induc-

tion B tesia will experience a force F == mB newtons. 3.14)

If a unit pole is kept at a distance of 7 metres from a pole of

m amperc-metre in vacuum, it will experience a force {
Ho m X 1

F = z;-‘; ~——§— Ahewtens, G.19)

Hence the magnetic induction B at a point distant ¢ metres
from a pole of strength m ampere-metre is given by

B=fe B en (3.16)

The intensity of magnetic field (H)is defined as the ravio
of the magnefic flux per unit area, Bs, in empty space 1 the per-
meability g, of the space.

"= g ¢.17)

He
It is expressed in ampere turns per metre (Am=*)
3.3.5. MOMENT OF A MAGNET

Let a bar magnet of length 2/ and péle strength m for each
pole be placed in a uniform magnetic field of induction B, making
an angle Q with the direction of B (Fig. 3-14). Now the north
pole and the south pole will each experience a force mB, the
force on the north pole being in the direction of the field and the
force on the south pole being in the opposite direction. These
two forces will therefore constituse a couple and the moment of
the.couple will be mBx2/ sin @. If the magnet is kept at right
angles to a field of unit indugtion, the moment will be equal w
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m X 2 =2ml. This quantity 2m! = M glven by the product
of the pole strangth and the length of the magnet is known

%—’ ma
: :

fo_.
/A
b pig, 314

Couple on a magnet in a magnetic field

as the moment of the magnet and Is egual to the moment of the
couple necessary 1o keep the magnet at right angles to a field of
walt induction. The unit of magnetic moment is ampere
metred {A-m$) .
3.3.6. MAGNETIC INDUCTION AT A POINT ON

-THE AXIAL LINE OF A BAR MAGNET

Let NSbe a bar magnet of length 2/ metres, pole streagth
m Ampere-metres and moment M Ampere-meters®, Let P be
a pointon the axial line distant d metres from the mid point O
of the magnet. The magnetic induction at P due'to the north
poleat N ' -

=g s in the direction OP

f,'ﬁ—:..__——-:-—?d.'p

4]
Fig. 3-15 ‘
Field along the axial line

The magnetic induction at P due to the south pele at S:»

PO TR . in the &
£ ...,..41: .W tesla in the dﬂ“ﬁm £O
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+  Beesultant induction at P due to NS

B*E%T-T)T Tﬁm
Eam

, = (—d’r[—i
pox 2ml X 2d
= Ax (@=D)
2Md
= ——%{-a—r—lgv tesla (3.18)

in the direction @P, where M is the magnetic moment of the
magnet.

If the length 2/ of the magnet is very small compared to the
distance d, [* can be neglected compared to d’ and hence the
field intensity at P

_p. 2Md
LT T
or B = 2‘; Zd-—..ﬁftes (3.19

3.3.7. MAGNETIC INDUCTION AT A POINT
ON THE EQUATORIAL LINE OF A BAR MAGNET

Let 2 be a point on the equatorial line of a y
bar magnet NS of length 2/ metres, pole
strength m Ampere-metres and magnetic P
moment M Ampere - metres?, distant d
metres from O the midpoint of the magnet.

Induction at P due to N pole )

% 4,‘ 2 ]% tesla along NP,

v

$

tesla along PS. - b pig 316 1
+ Field along the
/ eguatorial Itue

Let these two inductions be represented. in magnitude and
direction by the adjacent sides P4 and P2 of 2 parsliclogream. 1

* Induction at P due to S pole.

\‘"fay‘ “SPv
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Complete the parallelogram and draw the diagonal PC. T hen
PC represents the resultant induction at P due to NS, in
magnitude and direction.
The two triangles PAC and NPS are similar.
PC P4

—— g ——

NS~ NP

NS. = P4
or PC= NP

i.e., the resultant induction at P = PC = NS. 773

NP
2im p,
= NP 47: 4n NPy 'e010
~ Fe 2
= 4 NP’ = tesla \
M
along PC parallel to NS.
If 21 is small compared to d, the induction at P,

B= 3’11%-. 21‘_43_ tesla {3.2h)

direction parallel to NS, ‘ ‘

i.e.,

Exercise 3.3
1. Define magnetic induction,

2. . What is the unit of magpetic induction in the §. 1.
‘ system?
3. How is the magnetic induction defined in terms of lines
of induction ?

4. What is the expression for the force on a conductor
carrying current kept in a magnetic field ?
5. Btate Fleming’s left hand rule.
. 6. Astraight wire 100 cms. long carries a current of 100
amp. at right angles/to a uniform magnetic field of 1

N Ampere[metre? Find the mechanical force on the
wire. What will be the direction of the force ?

7. What- is the law of force between two magnetic poles ?
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What is the value of the permeability of free space ?
Define unit magnetic pole.

. What is the value of magnetic induction ata point

distant r metres from a pole of strength m Ampere
metre ? :

What is the total magnetic flux emanating from a pole
of strength m Ampere meters ?

What is the relation between magnetic induction and
magnetic field intensity ?

Define magnetic moment of a magnet.

What is the magnetic induction at a point distant 4
metres from the midpoint along the axis of a bar
magnet length 2/ metres and pole strength m Ampere
metres ? '
What is the magnetic induction at a point distant d
metres from the midpoint along the equatorial line of
a bar magnet of length 2/ metres and pole strength m
Ampere metres ? |
Calculate the moment of the couple acting on a freely
suspended magnet of moment 02 Ampere (Metre)?
when it is placed at an angle of 30° with the direction
of a uniform magnetic field of induction 0'S tesla.
The pole strength of a bar mognet is 9:872 x 10~
Ampere metres and its length is 10 cms. Calculate
the .magnetic induction.at a point on its axis at a
distance of 20 cms. from its midpoint. 1
Calculate the intensity of the magnetie fleld at a point
distant 20 cms. from the midpoint on the equatorial
line of a bar magnet of pole strength 10+° Ampere
metres and length 10 cms.

3. 4. ELECTROMAGNETISM

3.4.1. MAGNETIC FIELD OF A CURRENT

Oersted’s experiments in 1819 showed that 2 magnetic field
is produced in the region surrounding a conductor carrying

current.

A picture of the magnetic fietd due to circuits of

various shapes can be obtained by plotting lines of force with a
small compass needle. The diagrams in the case of a straight
conductor carrying current and a coil carrying currcnt are
shown in Fig. 3-17. e
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¢t is seen that the magnetic lines of force near a straight
wire are circles concentric with the wire. The diréction of the
magnetic lines of force is given by Ampere's swimming rule or
‘Maxwell’s corkscrew rule. The corkscrew rule states that the

Y

PLANE CoR.

®

STRAIGHT
WIRE

Fig. 3-17
Field due te a current

" difection of the lines of force around a circuit is that in which a
right handed screw should be turned in order to advance it in the
direction of the current, In the case of a coil of wire, when the
direction of the field around each section of the coil is found, it

~ will be seen that the lines of force are circular near the wire, but

within the space enclosed by the coil, the lines are all in the
same direction and near the centre, they are parallel to each
other. Sc the field at the centre is uniform and perpendicular

to the plane of the coil. Thus it is seen that the lines of force

* are similar to that due to a very thin disc shaped magnet, with

one face as a north pole and the other a south pole.

3.4.2. BIOT-SAVART LAW

Experiments done by Biot and Savart led to a relation, by
means of which, the magnetic induction or flux density at any
point of space around a circuit in which there is a current can be
found. ‘The circuit can be imagined to be .divided into short
elements of length d/. Each element will produce a field at all
points of space and the total field produced at any point by the
entire circuit is got by finding the resultant of the fields produced
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y all the elements. Let the length of the short clement
O be dl and let it carry a current {. The induction d at P or
P distant x from O is given by the Biot-Savan law

i dB = idlsan@

P'e g /ngo
ouTY PAPSR
or AP i ',/
]

N ' f*

3 3

4

Fig. 3-18

Biot-Savart Law for finding field due to a current ~

where 0 is the angle which the axis of the element d/ makes with
the direction OP. The direction of dB is at right angles to the
plane containing d/ and OP and is in the direction given by the
right hand screw rule.

The constant of proportionality used in the rationalised
SiJ system is —ﬁ% for free space and heace the Biot-Bavany
law becomes

po idlsin
dB = -z; x
From this equation, itisscen that &, the permeability of

free space has the dimensions of ~2 5, Since B is expresied a8

weber metre?

weber/metre?, ft, = Tetred X ampere-raetre

= weber / ampere-metre. As mentioned earlier 4, isalio ex-
pressed in henry per metre, where henry is the unit of inductance
and the mognitude of #, =4s X 10~*. This value is derived
frora the definition of ampere. -
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8.4.3. THE TANGENT GALVANOMETER

The tangent galvanometer is an instrument for mieasuring
current. It is an absolute instrument since it does not need any
other instrument to calibrate it.

It consists of a coil of wire wound on a
non-magnetic circular frame of brass or wood.
(Fig 3-19) The frame is fixed with its plane
perpendicular to a circular turn table provided
with levelling screws. The levelling screws
can be adjusted so that the circular table is d
harizontal. The plane of the coil will then be R
vertical. At the centre of the circular table &
is a small upright projection on which is sup-
ported a compass box. The compass box  Fig. 3-19
consists of a small pivoted magnet, fixed at right ~ Tangent
angles to which is a long pointer which moves Galvanometer

over a graduated circular scale. The scale is graduated in
4 segments each reading from 0° to 90°. The compass
box is supported in such a manner thatthe centre of the pivoted
magnet coincides exactly with the centre of the coil of wire.
The length of the pivoted magnet is small, so that the magnetic
field over its entire length can be assumed to be uniform. The
coil of wire is usually in three sections, of 2, 5 and 50 turns each,
and are connected to separate terminals. The 2 turn coil is
made of thick wire and is used for measuring currents of a few
amperes, the 5 turn coil is of thinner wire and is used to measure
currents of the order of a tenth of an ampere and the fifty
turn coil is of still thinner wire, and is used to measure currents
* of the order of milliamperes. .

The tangent galvanometer as the name indicates, works on
the fangent law. A magnetic needle suspended at a point where
there are two crossed fields will come to rest in the direction of
the resultant of the two fields. The plane of the coil of the tan-
gent galvanometer is always adjusted to be exactly in the magnetic
meridian, so that when a current is passed through the cofl, the
maguetic field produced at the centre of the coil, due to the
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current will now be at right angles to the magnetic meridian, The
pivoted magnetic needle will now be under the influence of two
magnetic fields, the horizontal component H of the earth’s mag-
netic field along the magnetic meridian and the field of intensity
F due to the current, in the coil, "
the, direction of F being at right S
angles to that of H. The pivoted '
" magnetic needle which will lie

along the direction of H in the

absence of any other magnetic 9

field, will be deflected through ) >H
an angle @ when the currentis Fig. 3-20
switched on, such that Tangent Law

Q= 7

If a current i amp. flows through the coil of n turns and radius r
metres, it can be shown that the field at the centre of the ¢oil

F= '12:_. amp. turn/metre. (Am=*)

This field acts in a direction perpendicular to the plans of
the coil.
& Fa= —37’ = H tan @ where H is also in amp, turn/metre

ai=

anH tan @ amperes

ori=Ktan ) amperes

where K = 2 rHin is a constant for a given coit at a given place
and is known as the reduction facter of the tangent galvano-
meter,

When using a tangent galvanometer, some initial adjust-
ments have to be done carefully before passing the curreat
through it.

(i) The plane of the coil should be adjusted to be in the
magnetic mecidian. This is done in two wteps. .-
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(a) The levelling screws on the circular table’ {s adjusted so
that the table is horizontal and hence the plane of the coil, verti-
eal. (b) The coil is then turned so that its plane is parallel to
the axis of the magnetic needle.

This adjustment ensure that the direction of F due to the
current in the coil js perpendicular to that of H, due to the
carth’s megnetic field.

(if) The pointer in the compass box should be made to read
2&ro-zero.

The tangent galvanometer is the most sensitive when the
deflection is around 45° and therefore the deflections are adjusted
to be between 30° and 60°.

3.44. THE MOVING COIL GALVANOMETER

The moving coil galvanometer was first devised by Lord
Kelvin and later modified by D’Arsenval.  The D’Arsonval type
consists of a circular or retangular coil of fine copper wire sus-
pended between the poles of a very powerful
horse shoe shaped magnet by a very thin strip
of phosphor bronze (Fig. 3-21). The strip pro-
vides the controlling couple for the moving
coil and alo serves as the lead for the
current to eater the coil. The current is
led out of the coil by a fine phosphor bronze
spring attached to the bottom of the coil.
The pole pieces of the horse shoe magnets
are curved inside and a soft iron pieceis
placed inside the ¢oil without touching it.

This makes the lines of magnetic force con- MF ig. 3'211
centrate towards the centre of the space oving coi
galvancmeter

between the poles and hence renders the
magnetie ficld radlal. As aresult for deflections upto 60°, the
planie of the coil will be parallel to the magnetic field. A small
mirror is attached to the suspension above the coil and the defle-
ctions of the coll can be determined using a lamp and scale
arrangement.
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Consider a sifigle turn of a rectangular odil of wire 420D
carrying a current { ampere in a magnetic field of induction B &

shown in  Fig. 3-22. The field is
parallel to BC and AD of the eoil and
hence there will not be any force on these
portions of the coil. But there will be
forces each equal to Bil on the portions
AB and DC of the coil where [ is the length
of AB or DC. These forces will be parallel
but opposite in direction and so will con-
stitute a couple, the moment of which will
be equal to Bil X b where ‘b’ is the dis-
tance BC or the breadth of the coil.

i.e. the moment of the couple = Bid

Nlle 7

-
Lo 2%

] —~38

==
N
Fig, 3-22
Réetaognlar current

loop in & magnetie
fleld

where A is the area of the coil. If there are n rms
of the coil, there will be a couple Bi4 om esch twrn and
hence the total couple acting on the coil, tending to vern &k will

be n Bid, The torsional couple of the sumpenmsion will eppese
this deflecting couple on the coil and the coil will come to rest in

the position where the two couples balance. If () is she angle
through which the plane of the coil turns 2Bi4 = CQ where C b

the .couple per unit twist of the suspension, Menoe i "ng'Z' o

Thus the current is directly proportional to the deflection. This
is so because the magnetic field is radial and the plane of the coil
remains parallel to the magnetic field even whea it is deflected.

3.4.5, AMMETER

H

An ammeter is an instrument for measuring eurronts and i
is calibrated to read the values of currents directly. Az ammeter
#s always connected in series in the circuit in which the current

is to be measured and hence, in order that
the ammeter does not alter the value

the introduction of
of the eurrent whe

ammeter should be an instrument of very low resistence. A
moving coil galvanometer can easily be converted into an amn-
meter by connecting a low resistance shunt in paralisl with the
galvanometer (Fig. 3-23). If G is the resistance of the galvano~
meter and S that of the shunt, the resistance & of the combina-

tion, will be given by the relationship
Phy—8
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i.¢, the resistence R will be less than even the small resistance of
the shunt. Hence by using suitable shunts, the resistance of the
combination can be made as low as necessary. -

/

g Ce

Figo 3’23
Conversion of o galvanometer into an ammetés

Also when the main current is large, the shunt protects the
galvanometer coil by allowing only a small fraction of the main
current to pass through the galvanometer coil, If { is the current
in the maln circuit, the current /; through the galvanometer is

¢ivea by .

f,szxg—s;-a - (.10

§ _ 11
¥y ¢~ 1Hme
Thus the current through the galvanometer will be a-smalt but
known fraction of the main current #, and the deflections of the
.galvanometer are marked to read directly the eurrent in the
amain circuit. The range of the ammeter can be varied by varp-
ing the resistance of the shunt,



3.4.6.- VOLTMETER

The voltmeter is an instrument to measure potential diffe-
rences between two points and it is always connected dcross the
two points, parallel to the main circult. In order that the volt-
metor does not draw any appreciable current from the main
circuit, the voltmeter should be an instrument of very high

- )

Iat@-—-vwwd
(] Q:

Fig. 324
Conversion of a galvanometer lnto a voltmeter

resistance. A moving coil galvanometer is converted Into a
voltmeter by connecting a very high reistance in serles with .
Let R, be high resistance connected in series with the galvano-.
meter of resistance G. Now

. Ry 4+ G) = Vp“‘Vq
where ¥p—V, isthe potential difference between the points
Pand Q

VoV,
= Rxd

If the total resistance (R, + G) of the voltmeter, which &
the combination of the galvanometer and the high resistance is
kept conmstant, i, is proportional to (¥p,—V ) and the deflectiops
of the galvanometer are made to read directly the potential
difference in volts. The range of the voltmeter can be varied by
varying R,.

Exerice 3.4

1. State the corkscrew rule relating to the direction of the
lines of force around a canduclor carrying current,
2. State Biot Savart Law.
3. What is the value of the magnetic field intensity at the
centre of a coil of n turns of rodius r metres carrying a
current i amps? What i5 the direction of the fiddd ?



o

% N

©

10.
11

13.
14

15,

17.

18,
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Find the field at the centre of a circular coll of radius 16
cms having 10 turns when it carries a current of 8
amperes.
What is the principle of the tangent galvanometer ?
Why should the magnet pivoted at the centre of the cofl
in the tangent galvanometer be very small ?
“What is the reduction factor of a tangent galvanometer ?
When using a tangent galvanometer, what are the initial
adjustments to be made, before passing the currem
through it ?
A curremt of I'5 amperes flows throughthe 5 turn coll of
a tangent galvanometer having a diameter of 0°3 metres.
If the deflection of the neddle at its centre is 45°, calcu-
Inte the horizomtal imtensity of the earth’s field at that
place.
What is the principle of the moving coil galvanometer ?
How is the ammeter connected in a circuit in ordar te
meanurg the current in it ?
Why is the ammeter a low resistance instrument ? '
How Is a galvanometer converted into an ammeter !
A moving coil galvanomster of resistance 100 ohms,
shows a full scale deflection when a current of 11000
amperes flows through it. What resistance should be
connected in parailel 10 the galvanometer in order to con-
vert it into an ammeter reading upto 5 amperes ?
How is the voltmeter connected in a circuit 10 megsure
the potential difference between two points ?
Why is the voltmeter a high resistance instrument ?
How is the moving coil galvanometer converted into a
voltmeter ?
How can the galvanometer in question {14) be converted
10 a voltmeter reading upto 5 volts ?
How will you increase the range of a vol'meter of 509
ohms resistance, from 3volts to 30 volis ?
A galvanometer of 10 oluns resistance shows full scals
deflection, when a currnet of 1]100 amp. is passed through

i
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fr. How can this_be converted into (1) an ammeter read-

ing a maximum current of 2 amperes and (ii) a volimeter
reading a maximum of 5 volts ?

3.5. ELECTROMAGNETIC INDUCTION

3.5.1. INTRODUCTION

Oersted’s discovery that a magnetic field is produced around
a conductor carrying current, led Michael Faraday to look for
tho converse effect. In 1831, he showed that currents can be
produced in a closed conductor whenever there is  change in the
magnetic flux passing through the conductor and that the
current lasted only so leng as the change lasted. The current
produced im the conductor in this way is called an induced
current. The electromotive force producing the current an
induced e.m.f. and the whole phenomenon is known as electro-
magnetic induction.

3.5.2. FARADAY'S EXPERIMENTS

A strong bar magnet is moved, with its N pole towards a clo-
sed coll consisting of a large number of turns of insulated copper
wire connected in series with a galvanometer. There is a defle-
ction in the galvanometer as long as there is relative motion bet-
ween the coil and the magnet. If now the magnet is withdrawn,

0 -4

28 ¢

Fig. 3-25
Faraday’s experiments

there will be a momentary deflection in the opposite direction.
It will also be noticed that if the magnet is moved fast, the -
Gomentasy deflections produced will be geeater than when she
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magnet 3 moved slowly. Siriilar results will be produced when
the magnet is moved with its south pole facing the coil, but the
deflections produced will be in directions opposite to those pro-
duced when the north pole was facing the coil. It can be shown
that in every case, the direction of the current produced in the
coil will be such as to oppose the change thatis causing the
current. When a nporth pole is brought towards the coil, the
direction of the current induced in it will be such that the end of
the coil facing the north pole will behave like another north pole
trying to repel the approaching north pole. When the north pole
is withdrawn, the current induced will bé in such a direction as
to produce a south pole at the end of the coil facing the north
pole, which will therefore attract the receding north pole and
thus oppose the change'that is taking place. It can easily be
seen from this, why the direction of the induced current, when a
south pole is brought towards the coil, is exactly opposite to that
when a north pole is brought towards it. Essentially an e.m.f.
is induced in a coil, whenever there is a change of magnetic flux
through it and the direction of the induced current is always such
that it will oppose the change that causesit. Also it is seen
that if the magnet is brought to the coil or taken away from it at
a faster rate, the magnitude of the induced current is greater.
Hence it is the rate at which the magnetic flux passing through
the conductor Is changing which determines the magnitude of
the induced current.

Change of flux and hence induced currents can be produced
in a closed circuit, even by switching on or off a current in a
neighbouring circuit. The direction of the induced current when
switching on the current in the neighbouring circuit will be
opposite to that when it is switched off and also the induced
current in the circuit will last only till the steady current is
established in the second coil, when the current is switched on
and till the current falls to zero when it is switched off. ‘

Currents can be induced in a coil, even by relative- motion
between it and another coil carrying current, because here again
there is a change in the magnetic flux passing through the first
coil, the flux being due to the magnetic field produced by the
cugrens in the second cofl,  —
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3.5.3. LAWS OF ELECTROMAGNETIC INDUCTION
When the magnetic flux linked with a circuit is changing
() anem f. isinduced in it, which is proportional to the
rate of change of flux (Faraday’s law).
() the direction of the e.m.f. is such that the effects of any
ewrrent it produces tend to oppose the change of flux. (Lenz’s law).
These two laws togethcr are .mathematically expressed as

induced e.m.f.e = — ¢1_{¢9 )

where @A‘ﬁ-’- is the rate of change of the magnetic flux ¢. [It

must be remembered that if ¢ is the flux linked with one turn of
a coil of » turns, the total flux linked with the coil is ng.]

3.5.4. MUTUAL INDUCTION

We bave seen earlier that two coils electrically unconnected
can be linked together by magnetic flux and any change of
current in either coil will cause an induced e.m.f. to be procueed
in the other. This particular form of induction is known as
mutual induction. In D.C. circuits or direct current circuits,
where the magnitude of the current remains steady, effects due to
mutual inductance will arise only when the current in one circuit
is switched on or off and pulses of current will appear in the
other. Butifan A.C. or alternating current, the magnitude of
which is continually varying, flows through one coil, it produces
a continually varying magnetic flux through the other and it will
cause an alternating e.m.f. of the same frequency te be produced
in it. This is the principle of the transformer.

I% g % 7’
P S )
Fig. 3-26
Transformer

Let P and S be two coils placed close to each other as in
Kg. 3.26. A oussont dowing shrough P will produce o flux, pant
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of which will pass through the neighbouring coil §. For fixed
yositions of *Pand S, the flux linked with S will be proportional
to the current i flowing through P.

i e pxciorg =Mi '
where M is a constant known as the caefficient of mutual induction,
and depends on the number of turns, relative positions etc. of.
the cofls. i

Hi=1¢=2M

le. the ecoefficlent of mutual inductance between two colls is

namerically equal to the flux linked with one of them due to the
flow of unit current through the other,

The coefficient of mutual inductance betwean a pair of colls is
also numerically equal to the en.f. induced in one coil, due to unit
rate of change of current through the other. On this basis S. 1. unit
of wmutual inductance can be defined as the mutual inductance
between two coils when an e. m. f. of | volt is induced in one coil
when the current through the other changes' at the rate of 1 amp.
per sec. It Is called a henry.

1 volt
I henry = T amp. per sec.
3.5.5. SELF INDUCTION

In the process of mutnal induction, e.m.fs are indaced’ in a
circuit. due to changes of current in another circuit. But em.fs
can alio be induced in 2 cirenit by the changes in its own current
since this also produces changes of flux through the circuit. This
process is known as self induction.

‘When a steady current is flowing in a circuit, no induced
e.m.f. can arise from self inductance and so in D. C. circuits,
effects ‘of self inductance can oegur only at switching on or
switching off of the current.

At switching on, the induced e.m.f. acts in opposition to the

. applied potential difference and delays the growth of current so
that the maximum steady value of the current is reached only
gradually. At switching off, the current suddenly falls to zero
so that the rate of change of current i very large and the induced
back e. m, f; tending to keep the current going will be very large.
Fhe peak value of this can be several hundsed times larger than
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the original applied e.m.f. If ¢ be the magnetic flux linked
with a coil when the current through it is J

pocior ¢ =L
where L is a constant known as the coefficient aof self inductance
of the coil Ifial, L = ¢ numerically i.e. the coefficient of self
inductance of a coil is numerically equal to the magnetic flux linked
with it when unit current flows through it.

The coefficient of self inductance of a coll can also be defined
as the em.f. induced in it when the rate of change of currem
through it is unity. The unit of self inductance is also henry. The
coefficient of self inductance of a coil is one henry if an induced
e.m.f. of one volt is set up in it, when the current through It changes
at the rate of 1 amp. per sec,

3.5.6. EDDY CURRENTS ‘

We saw that when the magnetic flux linked with. a con-
ductor varies, an e.m.f. is induced in it. But it is not necessary
that the conductor is in the form of a wire or coil. Even when the
conductor is a large lump of metal, significant e.m.f5. can act
round closed paths inside the lump of metal itself.Although the
e.m.fs. induced are not very large, since the resistance of the
current path is negligible, very large currents will flow, These
induced currents circulating inside a piece of metal are known as
Eddy currents or Foucault’s currents

Foucault in 1895 discovered that when a mass of metal is
mayed in a magnetic field, induced currents were produced, re-
sulting in the dissipation of energy in the form of heat. Since
according to Lenz’s law, the direction of the induced currents wil}
be to oppose the motion of the metal in the magnetic field, the
induced currents will act a8 an effective brake on the motion of
the body. The mechanical energy is turned into electrical energy
of the eddy currents, which in turn is conversed into heat inside
the metal. !

The effect of eddy currents can be demonstarted by swinging
a pendulum with a thick copper plate as bob, between the poles
of an electromagnet (Fig. 3-27). Assoon as. the electromagnet is
switched on, the oscillations will slow down and the pendulum
will rapidly come to vest. ‘Thisis due to the braking effect of
the gddy currents. ~ :
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= §f now a series of slots are cut in the bob, very lule braking
effect will be noticed. This is because, the currents are now free
to circulate enly inside the relatively parrow tecth loft betweon
the slots.

Arago showed that if a copper disc, placed below a pivoted
magnetic needle, is rotated rapidly about an axis passing through

COPPER PLAE WITH
THICK COPPER PLATE VERTICAL SLOTS

Fig. 3-27 o

Effect due to Eddy currents- \
heavy damping of pendulum avoided '
by cutting slots

KN

the pivot, the magnetic needle will tend to follow the movement
of the disc. 'This is because the relative motion between the
magnetic needle and disc induces currents in the disc, which
will tend to oppose the relative motion and hence the magncu.c
necedle is dragged along.

Ina dead beat movingcoil galvanometer, eddy currents are
made use®of for damping the oscillations of the galvanometer. But
in electrical machinery, eddy currents are undesirable because
considerable energy will be wasted as heat. So in dynamos,'
transformers etc., iron parts are made out of stacks of iron sheets
or lanmiinations. The laminations are insulated from one anothu'
by varnish or enamel. The eddy currents are greatly reduced in '
this case, since they can circulate only in closed paths within the !
individual laminations.
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3.5.7. TRANSFORMERS

The transformer is an electrical deviee based on the principle
of mutual inductance between two coils. It is used to transfer
electrical energy from one coil to another Energy at high vol-
tage and low current in one coil can be transferred to another coil
as energy at low voltage and high current. In this case, 1t is
called a step down (voltage) transformer, Or it can be used to
transfer energy at low voltage and high current in one coil to
encrgy at high voltage and low current in another coil. In this
cage, it is called a step-up (voltage) transformer.
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The transformer consists of two coils P and S wound separae
tely on a laminated iron core CC (Fig. 3-28). P is the primary
oil to which the voltage, which is to be converted is applied and
S is the secondary which delivers the altered voltage.

In an ideal transformer, Al

Secondary voltage _ no. of turns of secondary coil
Primary voltage = no. of turns of primary cod)

1 n,

Ifn, > ny, the secondry e.m.f. will be greater than the
primary e.m.f. and the transformer is a step up transformer, In
this case, the primary is made up a few turns of thick wire and
the secondary will have a large number of turns of thin wire. .

~
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If n, ¢ny, the sccondary e.m.f. will be less than the prime
ary e m.f. and the transformer is a step down transformer,

In all ideal transformers, whether they are step up or step
down, the energy fed into the primary will be equal tatthe energy
delivered at the secondary. If i, and i, are the currents in the
primary and the secondary circuits when E and E, are the pfie
mary and secondary voltages, the power input = £, /, and the
power output = E, /,., and in aa ideal transformer, whece
there is no loss of energy,

E3 i 1= E, i@
iy E, n
“TTEm

Thus when the voltage is stepped up ina certain ratio,

current is stepped down in the same ratio and vice versa,

3.5.8. A.C. GENERATOR
Consider a flat cail rotating about an axis in its own plane
at right angl®s to a uniform magnetic field. As the coil rotates,
the flux through it varies as shown in Fig. 3+29, )
When the plane of the coil is perpendicular to the magnetic
field as in (i) and (iii}, the magnetic flux passing through the coil

= O @, . o
== = =
ROcx TR iorear Tror rocenx
LUX  FLUX MAX  FLUX  FLUX
R IER0  -ve ZERO  +ve
emg. "L
b~ "p.
o ~“; '/’ tlm
/’ \\\ § /
FLUX RO
Fig. 3-29

Variation of flux through a rotating
coff and the e.m.1. induced

is maximum, but it is momentarily unchanging whereas whea
the plane of the coil is parallel to the magnetic Sold as in (ii)
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and (iv), the flux passing through the coil is momentarily zero,
but it is changing at a maximum rate, passing through zero, from
@ positive value to a negative value in position (ii) and passing
through zero from a negative value to a positive value in
position (iv). The induced e.m.f. in the coil which is equal to
the rate of change of flux through it wijl therefore vary as shown
in the diagram. Thee.m.f. is zero when the flux is maximum
as in positions (i) and (iii) and is*maximum in magnitude when
the flux is zero as in positions (ii) and (iv). And according to
Lenz’s law, which states that the induced e.m.f. acts so that the
current procuced by it opposes the change of flux, the induced
e.m.f. is positive at position (ii) and negative at position (iv). The
value of the induced e.m.f. can be derived mathematically as
follows:

Let the planc; of the coil make an

1 A€ angle @ with the direction of the normal o
5/ > the magnetic field at any instant (Fig.3-30),
_// > 8 The total flux passing through the
7 > coil in this porition is AB cos § where 4 is
£ ] > the area of the coil and B, the magnetic in-
¢ Fi 3-30 duction or flux density. If there aren
Fluxg.throu oh a turns in the coil, the total flux ¢ passing
rotating coil through the coil is given by ¢= n 4B cos @

. d
Induced e.m.f. E= %%- ." AR sin 0—‘7?.

Now ‘;? is the angular velocity, w, of the coil and @ = or.

Hence E = n AB w sin wl. )

This shows that the e.m.f. generated in the coil is alternating
and varies sinusoidally. The maximum value of the
e.m.f, is # AB » and if this is represented as E,, the e.m.f. at any
instant is given by

E = E, sin ot
or E = E, sin 2rn
where w =2xn, n being the number of rotations of the coil per
second. In most generators, n is equal to 50.

Fig. 3-31 shows the essential parts of a simple form of
A.C. generator. A rectangular coil rotates between the pole
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pieces NS of a powerful electromagnet, the current for which is
supplied by a separate DJ.C. source. The ends of the coil are
connected to two copper rings known as slip rings which are
insulated from each other. These rings are concentric with the
axis of rotation of the coil and rotate with the coil. Two carbon
brushes which press against
the slip rings connect the cofl
to the external circuit. The
coil usually consists of a large
number of turns of insuiated
copper wire wound around a
core of laminated iron, the
iron serving to concentrate
— the magnetic lines of ferce.
& ~ OUT PUT | The coil is known as the
sLIPRINGS BRUSHES armature and the mechanical
Fig. 3-31 energy for its rotation is

Production of A.C. by rotation derived from steam turbines

oy s . or water turbi internal
of a coil in a magnetic field T urbmfs or 1int
gombusion engines.

However in practice, it is found more satisfactory to have
¢he armature fixed and the magnetic field rotate relative to it.
The armature coil is is wound in two parts in geries, between
which the electromagnet rotates (Fig. 3-32). The direct current
for the electromagnet is supplied
through the slip rings. The advan-
tage is that the slip rings and brushes
are now required to carry only the
relatively small current needed to
magnetise the rotating electro-
magnet and not the wvery large
currents developed in the generator.
It i3 much easier to have the large
currents flow through fixed connec-
tions. In this case, the rotating S; Fig. 3-32

i . imple form of A,C,
electromagnet is the roror and

i generafor (2 - pele
the armature coils, the stator constant current)

In most generators, the armature is split into 4, 6 or 8 parts,
spaced equally inside the stator. The rotor is then arranged to
have the same number of polcs, north and south poles being

HLALOn
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arranged 2lternately. Fig. 3-33 shows a four pole alternating
surrent generator.  In this, the speed of rotation needs to be only

Fig. 3-33 !
4 - pols constant currese
A.C, generator

half that is necessary to produce the same frequency in @
geasrator with only sne pair of coils.

Exerciss 3.5

I the north pole of @ magnet is brought towards a tlosed
coil of wire, a current is induced in It. What happens &
a@ south pole Is brought towards it ?

What happens if the movement of the magnet is stoppad ?
What is the essential condition for an e.m.f. to be induoed
in a elosed circult ?

What ave the ways in which the magnettc fux passing
through a eoil can be changed ?

State Faraday’ s law of electromaguetic induction.

State Lonz’s law of eleciroinagmstle indvotion.

Whar is the muothematinal expraysion for the laws of
elactromagnetic induction ?

Culeuinte the en.f. induced between the wing Hps of an
aeroplane of wing span 30 metres flying horizontally a
290 metres|sce.if the flux density of thevertical compoxent
of the earth’s magnetlc fleld is 4 % 10-° tesla
(weber|metre=2). [Whew the plane Is flying horizontally;
its wing will cut the vertical lines of induction due to the
earih’s magnetie field. When the plane with its wheg span



128

of 30 metrés, covers 250 metres in one sec. the total area swept ['y
the wing inl sec = 30 X 250 Sq. metres
o Total lines of induction cut by the wing in 1 see.
= 30 3 250 x 4 x 10~°*
i.e. rate of change of magnetic flux
= 30 x 250 x4 x 10-* webers/see.
= 0'3 webers/sec.

Induced e.m.f. e = — ‘Z&O‘ — 0°3 volt.

The negative sign only skows that the induced e.m.f. opposés

the change that is producing it.]

9. A horczontal gramaphone turn table made of brass and of
diamerer 30 cms. rotates at 333 revolutions per minute in a
uniform vertical magnetic field of flux density 001 tesla.
Calculate the e.m.f. induced between the centre and rim
of the turn table.

(The area swept by any radius in ome second

= 7 r* X no of rev. per second

30 %0 100
TXFXX 5% 100X Tx 60

- -1

= %0 Sq. metres s

& No. of lines of induction cut per sec.

) .% x 0-01 webers per see. = 0°00039 webers/sec.

& Induced em.f. = — 0-00039 volts
= = 039 milli volts.]

10. Explain what is meant by mutual inductance.

11. Define the coefficient of mutual inductance.

12. What is self inductance?

13. What is the unit of inductance ?

14. Calculate the magnitude of the back e.m f. due to self
inductance in a coil of self inductance 5 millihenries in which
the current increases from zero to a steady value of 1 ampere
in 1/100 second.

(e = L X rate of change of current)
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Rate of charge of current = —1_/!1%0%- ampjsec = 100 amp.|sec,

15.
16.

17.

18.
19.

20.

23.

e=—35 X 10* X 100 = — 0.5 volta)
What are eddy currents ?
Why are iron parts of electrical machinery made of lammated
sheets ? :
What is a transformer used for ?
Can D. C. voltages be used in a transformer ?

In an ideal transformer, how are the voltages in the Secondary
and primary related to their nuinber of turns ?

If the ratio of the secondary to primary voltage in an ideal
transformer is 100, what is the ratio of secondary to primary
current ?

In an ideal transformer, if 1000 watts of energy s supplied
at the primary, what is the energy delivered at the secondary ?

How is an alternating e.m. f. generated ?

Calculate the maximum e.m.f. gererated in a rectengular
coil of length 12 cms. ard bicadth 7 ems. end of 1060 twms
when rotated ai the rcte of 3000 revelutions per minute abowt
en axis in its own plene, at right cngles 1o @ magnetic ficld of
Sux density 0-02 iesla.

Phy—9



4. ELECTROMAGNETIC RADIATIONS

4.1. ELECTROMAGNETIC WAVES
4.1.1. INTRODUCTION

While investigating the properties of electric and magnetic
fields, James Clerk Maxwell found the possibility that electro-
magnetic disturbance may be propagated through space as a
wave. His calculations showed that the velocity of these waves
is the same as the velocity of light. He then suggested that light
may be electromagnetic waves.

We have seen that a wave is energy propagated from one
place to another. We have studied about sound waves which
are waves in air (or liquid or solid) and we are familiar with
waves in water. The characteristics of any wave motion are its
velocity v* frequency ‘2’ and wave length <) which are related
as follows :

v N\

Sound waves and water waves necd a material medium for
their transmission. But the electromagne sic w..ve predicted by
Maxwell can pass through empty space a: well. For example
the light from the sun reaches us through the emply space bet-
ween the sun and the earth,

Maxwell’s prediction was experimentally verified later by
Hertz in 1888 when he produced and detected ciectromiagnetic
waves, Electromzaznetic wave: are called co because they con-
sist of electric ar netic ficlds which 7ary in time and from
point to point in & ‘2air are characterised

Tk e et ape e et = C -
Oy variation of air pregsure in time and space.

Eleciromagnetic waves can bave wavelengths ranging from
xtremely small magnitudes of the order of 10~*n1 to very large
values of the order of hundreds or thousands of metres. Qur
oyes are sensitive to a very small range of the spectrum of
wavelength rangiog from 4 X 10-? mto 7 10 7 m. Wavelengths
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in this region are usually measured in
nano(10-%} metres (sm). They are also
measured in terms of a unit called the
Angstrom{ A°}ywhich is cqual to 107%
Thus the visible range extends from
400 mm (violet) to 700 am (red) or
4000 A® to 7000 A°. The first measure
ments on the wavelengths of light
waves were made around 1827 by
Young, Fresnel and Fraunhofer. °

o

Electromagnetic waves of any fre-
quency can be produced with an app-
ropriate source or generator. How-
ever, the means of production of diffe-
rent ranges of wavelengths are
widely different, so are their proper-'
ties and therefore their methods of
detection and study. In fact, because
of these wide differences, it was not
realised that they all were basically
the same phenomenon untiil long after
they had been individually discovered
and studied by different peopic and
at different times.

4.1.2. THE ELECTROMAGNETIC
SPECTRUM

. shows the frequency and

mnges of various raicns
of the electromagnetic specirum
studied so far.

4.1.3, SOURCES AND CENERAL

CHARACTERISTICS

On thelong wavtlength side we
have the radio waves which can be
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produced by making use of suitable electronic circuits. The
range of wavelengths used in broadcasting {radio and T. V.) is
roughly from 10° m to 0.1 m. Electromagnetic waves of the
order of 10~2 i in wavelength are usually called micre waves and
are used in radar apart from other scientific and industrial pur-
poses. Of still shorter wavelengths are the infra red and visible
radiations, Radiations of wavelengths shorter than that of visible
light ranging from 400 zm to 100 nm are known as ultraviolet
radiations.

Electromagnetic waves of wavelengths in the range 10~ m
to 10~'? m correspond to those of X-rays. They are produced
when fast moving electrons are suddenly stopped by a solid tar-
get. The chance discovery of X rays by Roentgen in 18%5 proved
to be one of the most important events in modern science, not
only because of the practical applications it has found but
for its role in the development of physical and biological sciences.
X.rays are used in the diagnosis of a varicty of diseases. They
are also used in the treatment of certain diseases, For example,
malignant cells are somewhat more readily killed by X-raysthan
are normal ones and therefore they are useful in the treatment
of cancer Hidd:n defects in objects ancd con-enled cracks in
metals may be revealed by X-rays and this leals to a variety of
applications in industry. X-ray spectroscopy provides us with
a powerful method of identification of chemical elementsand in
the unravelling of the arrangements of atoms and molecules in a
crystal.

Waves of even shorter wavelengths are emitied by the nuclei
of some substances such as uranium and thorium following radio-
active disintegration. These waves are called gaming (y) rays.

The different ranges of electromagnetic waves are produced
in different ways and have quite different effects but it must be
stressed that they all consist of waves of the same fundamental
nature and travel in vacuum with the same velocity, namely the

velocity of light.
Exercise 4-1

1. What is the velocity of electromagnetic waves ?

2. Name the different kinds of electiomagnetic vadiations.
3. Cempare the electromagnetic waves with the sound waves.
4. In what unit are wavelengths measured 7
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5. What are the minimum and maximum wavelengths of the
visible region of the electromagnetic spectrum ?
6. Mention the order of the wavelength for the following
(i) Microwaves
(ii) Infra red
{iii} Ultra violet
(iv) X-rays
What is the principle based on which X-rays are produced *
Mention a few medical, scientific and indusirial uses of
X-rays.

% N

4.2. REFLECTION OF LIGHT

4.2.1. REFiECTION AT SPHERICAL SURFACES

A highly polished smooth surface will act as a mirror. If the
reflecting surface is plane, it is called a plane mirror, If it is’
spherical, it is called a spherical mirror. The centre ‘C’ of the
sphere, of which the mirror forms a part, is called the centre of
curvature, the radius ‘7’ of this sphere is called the radius of
curvature of the mirror.

Spherical mirrors are divided into two classes, concave and
convex., In the case of the concave mirror, the light falls on the
surface from the same side as the centre of curvature, In the case
of the convex mirror the light falls on the surface frem the side
opposite to the centre of curvature (Fig. 4-2).

-~ -

A i - "’ :!F" 2._4_:___:_;
P% 3 ’I [y c_—; 3

B SN ~‘-¢ €
(a) Concave (b) Convex
Fig. 4-2

Spherical mirrors

The geometric centre of the reflecting surface is called the
sole (F) of the spherical mirror. The straight line, passing
.Lhrough the pole and the ceatre of curvature of the mirror, is
called the principal axis of the spherical mirror.
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PRINCIPAL FOCUS

A narrow beam of parallel rays, parallel and close to the
principal axis, would, after reflection, converge to a fixed point on
the axis, in the case of a concave mirror or would appear to diverge
from a fixed point on the axis in the case of a convex mirror, This
point is known as the principgl focus of the mirror.

¥ < e
X <
' Fig. 4-3(a) Fig. 4-3 (b)
Concave mirror : Convex mirror:
Parallel rays Parallel rays -
converge to focus appear to diverge from F

The distance of the focus from the pole is the focal length of
the spherical mirror.

4.2.2. RELATION BETWEEN THE FOCAL LENGTH
AND RADIUS OF CURVATURE OF A
SPHERICAL MIRROR

Let P be the pole of a sphérical mirror, C its centre of cur-
vature, and F its focus (Fig. 4-4).

< £ ﬁp

(a) Concave mirror (b) Convex mirror
Fig. 4-4 Relation between f and r

Let the radius of curvature PC be ‘7’ and the focal length
PF be [4 f ’ . .
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Let 4B be a ray of right paraiici and close to the .principal
axis CP,

BCN is the normal to the mirror at A and BD is the
reflected ray,

&% (ABN = /NBD (i=R)
But LABN = /BCF (s AB and CP are
parallel)
£ BCF (Fig. 4-4a)
£ CBF (Fig. 4-4b)
Inthe A BCF, /CBF = /BCF
& FC = FB
‘ = FP (4 B is close 1o P)
Now, CP = CF 4 FP = 2FP = 2f
ie., r=2f

% ¢ NBD

Hence the radius of curvature of a spherical mirror is twice the
focal length.

4.2.3, IMAGE FORMATION BY A CONCAVE MIRROR
(Graphical Method)

To locate the position of an object graphically, we make use
of the following properties or the rays :

(1) A ray incident parallel to the principal axis, after
reflection from the mirror passes or appears to pass
through the principal focus /.

(2) A ray throvgh the centre of curvature (C), heoing normal
to the mirror, is reflecied back along the same line,

(3) A ray through the principal focus {(F) after refiection
..  from the mirror, passes parallel to the principal axis.

In general the first two rays are sufficient. The positions and
tharacteristics of the images formed when the object is placed
at various distances from a concave mirror are indicated in
Fig. 4-5.
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(a) Object at infinity

ai -

-1
F [« Q
%

(b) Object beyond C

(f) Object betwesn F and P
Fig. 4-5 Image formacion by a concave mirror



The following table summarises the resuhs obtained with

reference to a concave mirror *

~ Position Image o
oli_’/{cr Position Nanwre Size Fie
At infinity A F Real Poini size [4.%q
At definite Between Real and
distance Cand E inverted Diminishea | 4-5 &
beyond C
1 ]
At C A C Real and | Same size 4-5¢
inverted
.} Between Beyond C Real and { Enlarged 4.5 ¢
Cand F inverted
At F At infinity - — 4-5 ¢
Between Behind Virtual' Enlarged 4.5 f
Fand P mirror and erect

4,2.4. IMAGE FORMED BY A CONVEX MIRROR
In this case, the image is always formed behind the mirroe

between the pole and the focus. The image is always virtual, erect
and dimdnished (Fig. 4-6).

Fig. 4-6
Image formed by a Convex mirror

When the object is at an infinite distance, the image is
formed at the focus ‘F°. As the object moves from infinity
towards the polc, the image moves from the focus towards the
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pole. The movement of the i image is very small; it appears almost
stationary. A convex mirror is therefore used by motorists to see
the vehicles coming behind them, The vehicles, at a very great

distance behind are seen as very tiny images. They become
gradually bigger as they approach unearer.

4.2.5, RELATION BETWEEN u, v AND f

[n the theory of mirrors, it is found convenient to use certain
conventions of signs,

(1) All distances are measured from the pole of the mirror.

(2) Distances of real objects and real images are positive ;
whereas distances of all virtual objects and virtual
} images are negative.

(3) Since the focus of a concave mirror is real, its focal
length is positive, and since the focus of a convex mirror
is virtual, its focal length is negative.

The distances of the object from the pole is denoted by the
tetter ‘1, that of the image from the pole by .

Let OJ be an object perpendicular to the axis PC at a
distance # from the mirror and IG itsimage formed by a spherical
mirror, at a distance v from the mirror, the image being constructed

in the usual manner. JQ is a ray parallel and close to the axis,
incident on the mirror at Q.

From @ draw QN perpendicular to the axis. If Q is near
.the pole, P then N will be very close to P and the distances

Fig. 47 (a)
Coucave mirror forming real image

measured from N will differ very hotle from distances lmu.md
from P,
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la all cases of immge formation by spherical mirrors (Pigs. 4-%s,
4-7b, and 4-7¢) A OJC and A IGC are similar

[ & _O__J_ - ..(_:2
IG cr
Similarly, in the two As ONF and GIF
NO NF
.G '
B NQ = OJ (s JQ is paraliel to ON)

%IQ— = .]%;. - .—% (1) (0 N isclose o P)

Case I: Real image formed by a concave mirrot
In this case , v and fare all positive,
CO = PO—PC = u—2f
Cl = CP~IP = 2=y '
NF= PFaf !
FI = Ple=PF & yesf
Hence equation (1) becomes

u=2f _ f
2;-,—\’ - V_—-T
e, 2 fl=vfz uyv—utfwed vf 4= 2f ®
of 4 uf= uy
uf + vf= w
Dividing throughout by uvf, we get
1 1 1

2 a e

Case II: Virtual image formed by a concave mirror

Fig. 4-7 (b)
Concave mirror forming virtual image

In this case u and fare positive and v is negative. In
Fig. 4-7b we find
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CO=CP—OP = 2f—u ,
Cl=CP + Pl=2f + (=) (g visnegative)
= Zf-——v
PF=f
FI = FP + Pl =f 4 (—=V)
=f-v
Hence equation (1) becomes
P
2f—v  f-v
ie X V—~vf=2f 0—2vf—uf 4wy
uf + vf =uv
Dividing throughout by wvf, we ger
1 ] 1

__+’-‘=T

v 14

Case 111 : Virtnal image with a convex mirror
In this case # is positive and v and f are negative.

From Fig, 4-7 ¢, OC= OP + PC=u + (—2f)
= u—2f

Image formed by a convex mirror

IC = PC—IP = =2 f~—{~V)
= v=2f
PEF= —F
and IF = PFemlP 2 mef —(~¥) 8 v=~f
Hence equation (1) gives

u=2f _ —f
=7 "T
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—vf + Y Ve uy—yf —~2f +

o ouf - W aw
Dividing throughout by wvf, we get
N R I
VT 7

4.2.6. MAGNIFICATION

The ratio of any linear dimengsion {length and breadth) of the
image to the corresponding linear dimension of the objeer 13 calted

magnification Py

8) (b)
. Concave mirror forming
Concave mirror forming virtual image
real image -

{¢)
Fig. 4-8
Convex mirror forming an image

In Fig. 4.8 let OJ be an object and IG its image. A ray
from the top J of an object after reflection at P passes through
the point G or appears to come from G, of the image. Since QP
is the normal to the mirror at the point P.

LIPG = £0OPJ  (being the angle of reflection and

angle of incidence respectively at P
But £PIG = ¢(POJ = 90° ¢ o
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M
¢ & IPG and A OPJ are similat.
S m - image height =__Ig P _ v
object height oJ ~ PO u

Hence magnification m = = = Distance of iinage from mirror
8 u Distance of object from mirror

4.2,7, DETERMINATION OF FOCAL LENGTH OF A
CONCAVE MIRROR

.. 4
ta) ‘Distant Object Method i

h “The concave mirror is fixed on a vertical stand and directed
towards a distant object. A clear well-defined image of the
object is made to fall on a white screen. The distance between
the mirror and the screen gives the value of the focal length of the
" toncave mirror,

(5) u-v Method

i In this method, a2 circular wire-gauze illuminated by a
candle or by an electric lamp serves as the object. The concave
wirror and the screen are arranged as shown in Fig. 4-9.

,{:z;si:’,a
, .

~7  Fig. 49 '
Focal length of concave mirror : u-v method

The pole of the mirror and the centre of the wire-gauze
must be arranged to be at the same height from the table.

With the object at a fixed distance (#>f) from the mirror,
the distance between the mirror and the screen (v) is adjusted
to get the clear image of the object. The distances between the
mmtor and the source (4) and the mirror and the screen (v) are

»
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measured and tabulated as shown below, The focal length of the

i

given mirror is calculated in each case using the formula f= =

G+4v
"Tabular columa ) /\
- v
No. u v =

A graph can be drawn representing u on the X-axis and v on '
the Y-axis. Both the axes should have the same scale and the,
origin should have the same value on both the axes. The bisec-
tor of £XOY is drawn to intersect the graph at Q. Corresponding

[-.d

40

LN I BN

20 -
2
’\'4.50 éM [
0 20 40 B
Fig. 4-10
u - v graph

to the point O on the graph, the values of #and v are equal. In
a concave mirror, this is possible only if 4 = v = r = 2f. Hence '

OM or ON in the graph gives the radius of curvature # ang f» ~25. E
TovaenelarlTY,

P % g .
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‘q
* {¢) Normal Reflection-Method
The concavé mirror is mounted on a stand facing the iltami-
nated wire-gauze. The distance of the mirror is ad justed so that
asharp image of the object is obtained very close 0 the object
§Fig. 4-11) itself. It will also de found that the size of the image
‘s nearly-equal to the size of the object.

v Mﬁg. 4-11
Concave mirror : normal reflection method
4 The distance between the object and the pole of the,’, mirror
. gives the radius of curvature r* of the mirror. The focal length
_of the concave mirror is half of the radius of .curvature.

ie. f= ; gﬁ;x_‘g‘zm -

4.2.8. DETERMINATION OF THE FOCAL LENGTH
OF A CONVEX MIRROR

Fig. 4-12 °
Focal length of convex mirror
. The object ‘0’ is an illuminated wire-gauze. A short focus
'cgnvex”l_?ns is .used to get an image Jon the screen S. The
)qﬂzij@ggf_i{vg scrgen is adjusted to get a clear image. -
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The given convex mirror whose focal length is to be deter-
mined is now placed between the lens and the screen as shown in
Fig, 4-12:and s moved to and fro to get the clear image of the
object close to O itself. The path of the rays is shown in Fig.4-12.
Itis easy tosee that the rays incident on the mirror shouid be
normal at places of incidence. Hence I will give the position of
the centre of curvature. The distance between the pole of the
mirror and the screen gives the radius 6f curvature of the convex
mirror. The focal length of the mirror is half of this value.

Exercise 4.2
1. What is 4 spherical mirror ?
2,  Define the following terms with reference t6 a spherieal
mirror.

pole, centre of curvature, radius of curvature, princi-
pal axis, principalfocus,focal length.

3. Draw diagrams showing the formation of real images
diminished and enlarged with a concave mirror.

4. Draw diagrams showing the formation of virtual image
(i) with a concave mirror (ii} with a convex mirror

5. Describe an approximate method of determining the
focal length of a concave mirror.

6, Describé an experiment to determine accurately the
focal length of a concave mirror.

7. Mention any two rays proceeding from an object which
are sufficient to locate thc position of its image formed
by a spherical mirror.

8. Derlve the relation connecting u, v and f of a concave
mirror when it forms a real image,

9. Derive the relation .connecting u, v and fof a concave
mirror when it forms a virtual image.

10. - How do you distinguish between a-platie m irror and a
concave, mirror ?

11. How do you dxstmguwh petween a eoncave mirror and
a convex mirror ?

12 At what distance should a man bold his shavx‘ng mmor
in order to see an enlarged.image of iy face? -

Phy—10 -

-



4.3. REFRACTION OF LIGHT
4.3:1. REFRACTION AT A PLANE SURFACE

When light passes from one transparent medium to another,
the ray suffers a ‘deviation in its path. Thisis called refraction.
The ray in the first medium is usually referred to as the incident
ray and the rayin the second medium the refracted ray. The
angle between the incident ray and the normal to the surface of
separation at the point of incidence is called the angle of inci~
dence (/) and the angle between the refracted ray and the normal
to the surface of separation at the point of incidence is called the
angle of refraction (r)

P Ny U
| i A penserN\y| °
RARER
(-}

DENSER A 8 RARER PB a

Ny R Ny,

€a) (b)

Fig. 4-13

Refraction at a plane surface

I aray travelling from medium 4 to medium 5 1s bent toe
wards the normal on refraction, i.e. if the angle of refraction is
smaller than the angle of incidence, it is said that B is optically
denser than A (Fig. 4-13 a). But if the angle of refraction is
larger than the angle of incidence (Fig. 4-13 4) the medium B is
said to be opiically rarer than the first medium 4.

4.3.2. LAWS OF REFRACTION

(1) -The incident ray, the refractedray and the normal to
the surface at the point of incidence all lie in one plane,

(2) The ratio of the sine of the angle of incidence to the
sine of the angle of refraction is a constans Jor a given
pair of media and for light of a given colour (This is
¥oown as Snell’s law)
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" According to the second law -E;g—-;- = M

where ¢t is a constant for 2 given pair of media and for light of &
given colour. This constant is called the refractive index of the
second medium with respect to the first. When a ray undergoes
refraction from air (or a vacuum) to a second medium, the ratio
——-—-‘;;ﬁ ; is called the refractive index of the second medium,

If the incident ray is normal to the surface of separation,
the ‘angle of incidence i is zero. Then by the equation
%in /= ¢ sin r, the angle of refraction r is'also zero. In this case
the ray does not undergo any deviation.

4.3.3. REFRACTION THROUGH A PRISM

A prism is a portion of a refracting medium bounded by two
plane surfaces which are inclingd to each other at an angle. The
two plane surfaces are called the refracting faces of the prism, the
tine along which the faces meet is called the edge of the prism,
The angle between the refracting faces is called the angle of the
prism. The surface opposite to the edge of the prism is called
the base of the prism. Any section of the prism by a plane per-
pendicular to the faces of the prism is called its principal section,

In Fig. 4-14, ABC represents a principal section of the prism,

One of the angles, say 4, is chosen as the refracting angle of the
prism,

Fig. 4-14
Refractivn through a prism

Let PO be a ray of light incident at Q on the face AB of the
prism at an augle of incidence 7;. 1t is called the incidens say.
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Op entesing the prissd the ray passes from afr (2 rarer madiumi}
to glass'(a denser medium), Hence it bends towards the normal
drawn’ at Q. (R shows the path of the ray throdgh the prisi:
At R the ray saffers refraction once again and emerges into air.
RS is called the emergent ray. Here it bends further towadtrds

the base. Wher? .
Let i and r, beshe angles of incidence and refraction at g
and let the angles of incidenite and refraction at R bo ry and J,,
© Let A be the angle of the prism.
The angle £ FES betwoen the incident ray PP and the
emesgent ray RS in Figi. 4:14. is calied the arigle of deviabion d.
In'the A QER,
she exterior angle L FES = d= EOR4 <ERQ
' = (iy~ry) + (i,-(-r,)
= (ly415) ={(ry +7,)
Yo the quadrilateral AQOR, since the angles at @ and R are
tabr pnpdes,
44 £ QOR = 180°

Befin'A BOR, * ¥,47,4 2L QOR = 1800
% rbrzAd
3 d=iy 4 iy —~a
or Atd =1, + 1,

1.34. EXPRESSION FOR RE?%ACTIVE INDEX
The angle of deviation ‘¢ depends upon
s the anglé-of incidence

2, the angle of prism

3. the refractive index £, of the material of the prism witk
respect to the medium that surrounds it and

4. the wavelength ) or the colour of the incident lght.

"For a given prism 4 and g, fixed and for light of a given
wavilength; d depends only on' the anglé of inciderice 4,
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" As the angle of incidence i graduallf increases, the éng!c of
deviation ‘d® decreases, reaches a minimum value (D) and thes
increases. D is called the angle of minimum deviation. It will

be seen from the graph that there is only one angle of incideace
for which the deviation is a minimum.

e

ANGLE OF INCIDENCE -

Fig. 4-15 /
i-d curve for a prism
It can be shown easily that rays of light pass througH a

prism symmetrically in the minimum deviation position i. ¢ in®
this position

= ANGLE OF DEVIATION

iy=il,and r, =1, i
and the refracted ray QR lies parallel to the base of the prism.
If the path of the ray of light PORS be reversed by placifig a
plane mirror perpendicular to the rays RS, it will retrace its
course and the angle of deviation will still be a minimum fof an
angle of incidence /,, ’

At the angle of minimum deviation
i, = ig s
and ryc=r,=v

A.
rz=Adorr= 7

2 -
m.f—\ztuwor i= 430
\ . A+D
sin =3
Balat e an A
e 7 e
43.5. LENSES %, .

A

A lens is a transparent medium hounded by curved supfiices,
If the surfaces are parts of spheres, -they are called sphesicit
lenses. As shown in Fig. 4-16, there is a great variety of lenses,
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However they can be divided into two broad,groups (i)’ those
that are thicker in the mxddle than at the edges, called conyex .

M T

Fig, 4-16
Convex and concave lenses

{converging) lenses and (i) those that are thinner in the middle
than at the edges called concave (diverging) lenses.

When a lens is bounded by two spherical surfaces, the line
joining the centres of curvature is the principal axis of the lcns.

To understand the function of a lens, it can be supposed to

be made up of a set of truncated prisms in contact, as shown in’
Fig. 4-17 N

e

) — ~

4 (b)

A4

|

Y VY
Yily

Refraction through a Refractionlthrougin o
convex lens _ concave lens
~ 1 Flg- 4‘17

We have seen that light enmtering a prism from a rare
medium is always bent towards the base (or the thicker side) of
the prism after refraction through it. It is therefore clear that
rays-of light starting from an object will be bent towards the axis
ﬂwwa po:nt inthe case of a convex lens while they
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will be bent away from the axis or diverage, ia the case of a
concave [cns. This exg lains why a <oncave lens is a converging
lens while a concave lei s is a diverging lens.

4.3.6, OPTIC.CEN:RE

If a ray of light passes thoug’ a lens in such a way thatit
emerges parallel to its criginal direction, the path of the ray in the
lens (or :he path prodiced) intersects the axis ina fixed point;
this poin: is called tle optic centre of the lens (Fig. 4-18) 1f
the lens is thin, the late-al displacemeat between the incident and

SRR
e e
Fig. 4-13

Optic centre

emergent rdys which are parallel, will be negligible and so the
ray passing through the optic centre may pe considered to emerge
along the same line as the incident ray. In ourstudy, in this sec«
tion, we shall consider only zhin lenses. The optic centre ina
thin lens may be assumed to be at the centre of symmetry,

4.3.8. PRINCIPAL FOCUS
If a narrow beam of parallel rays, parellel to the axis, fallon a

ey . /

______
Ly

v
l%‘
e
\]
¥
L

~-

Y j? Y

-------

@ , ®)

Fig, 4-19
(a) Principal focus of convex lens
(b) Principal focus of concave lens
tens centrally, it will after refraction through the lens, converge to a
point on the axis in the case of a convex-lens, or appear 1o diverge
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from a point on the axis in the case of a concave lens. This point
is called the principal focus of the lens (Fig, 4-19), The dis-
tance between the focus and the optic centre of the lens is called
the facal length of the lens.

It must be noted that each lens has two prisicipal foci, one
on either side, since light may fall on a lens from 'either side to
get refracted.

4.3.8. IMAGE FORMATION BY A LENS(Graphical Method)

The following properties of rays are made use of to locate the

position of the image graphically:

{1) A ray of light from the object travelling parallel to the
principal axis passes though the principal focus in the
case of a convéx lens, and appears to proceed from the
principal focus in the case of a eoncave lens, after trans-
mission through the lens.

{2) A ray through the optic centre of a lens emerges out un-
deviated, if the lens were thin.

(3) A ray though the principal focus, after refraction through

. the lens, emerges parallel to the axis.
In general, the first two rays are sufficient.
Thefollowing diagrams (Fig. 4-20) illustrate the formation
of the image-when the object is placgd at different positions along
the axis of the lens,
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The following table summarises the resuits obtained.
1}}?9 P osfit ion | Pos. }f fon § " Description of image "
) 9 0 - ig.
lens | object . image Nature Size
At At F, . 4-20
Con- | infinity | (Other Real & Point a
vex side) inverted
» |Beyond2F| Between 4-20
Fy and 2F . Diminished | »
{Other ' . ‘
side)
q. . 4-20
» At 2F At2F » Same size ¢
(Other
side) 420
Between
» 1F and2r B:&r}l‘ngF ' Enlarged d
side) 20
“is At F, Rays para- — - e
llel. No - ’ B
image—
« At infinity ”
4-20
Between . \
Same side { Virtual & | Enlarged
151 a nd € as object erect 8 »f
s 4-20
- Gon- Any posi » s Diminished | g

4.3.9. RELATION BETWEEN u, v and {

The following sign conventions are used ; -

1.

2’

3&

wand v are distances of the object and the i

measured from the optic centre of the lens.
Distances of real objects and images are considered posi-
tive and those of virtual objects and images, negative,-

The focal length of 2 convex lens iz positive and that of
a concave lens is negative.

In Fig. 4-20 g and 4-21 OJ is the object and IG is the ima,
(the image being constructed in the usual wznner)

‘v

mage
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+ Eetu.be the dlstance of the object and v the dlstance of tke
1magc from the optic centre of the lens.’

. AA . 3
T Fa
c A aF 0
4]
h it
M
" (a) -
Convex lens forming real image
.:'?ef
e’ 4 ;'
v’ e’
P Y
'¢’ ‘-’ 3
al\-- I, : \\
! \
LY Ry " ‘
/ 7 [+] T
*
(b)
Fig. 4-21 -

Convex lens forming virtual image
Let F, and F, be the two principal foci of the lens and f
its focall ength

In all the three cases, Fig. 4-21 a, b and 420 g mangles
JCO and GCI are similar. )

o1 co

IG Cl
In the two similar triangles AF, C and GF,I

CA F C )

N F, T
But CA = OJ in the parallelogram CAJO.

co F, G

¢ T FI D
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L

Caseld: ‘Real image formed by a convex lens (Big. 3 o
In this case u, v and f are all posmve s
Now OC = u .
IC m v
. FGw f i
o Equation (1) becomes
u f 7
V= 5=
U~ fu = yf
) uf b vof = v\ _ =
Dividing throughout by wyf, we have '
l 1 -

1
-3+ 7

Case 11 : Virtual Image formed by a convex lens (Fig. 6—2!5)

Since the ob_;ect is real and the i nnage is virtual, ¥ and fare
positive and v is negative. .
Now OC = u
IC = =v
F.C = f —
F,l = CI4+CF, = -v+f=f—v

7 & Equation (1) can be written as #*

1

=i 7:;9”
e, 4w = —yf

oW = ow oy
Dividing throughout by uvf, we get‘(
AY l l l ld}
3 4 % s ? :

i P o

Cas 111 : Virtual image formed by a concave lens (Fig.4-202)

In this case u is positive since the object is real,

vis negative since-the mage is vu‘mal and Jis,
negative since it is a concave lens, s



is¥

‘Now =~ OC=u . ’
T IC = -y
Fo€C = —f
Fyl = CFy—=Cl = = fom (=) @ yuf

. Hence equation (1) becomes

u . =f .
aatd v—f_.
w—uf = yf
uf +vf= uy
Dividing throughout by uvf, we have
1 1 1
YT T

43.10. MAGNIFICATION

Magnification is the ratio of the linear size of the image
Jormed to the linear size of the object.

In Figs. 4-21 4, b and 4-20 g, the ratio -3"gives the magnifi-

cation.
IG CI V-
But 57=To = =

Thus the magnification due to a lens is equal to the ratio of
the distance of the image to that of the object from the lens.

4.3.11, DETERMINATION OF FOCAL LENGTH OF
A CONVEX LENS

{a) DISTANT OBJECT METHOD

The image of a distant object like a building or a tree may
be. formed by the convex lens on a-screen kept on the other sides
By moving it to and fro, a sharp image may be obtained. The
distance from the centre of the lens to the screen gives the focal
length of the lens,

This method is a convenient one for determining approxi-
mately the focal length of a convex lens.

(6) u-v METHOD
The optic bench may be conveniently used for many experi-

ments on lenses. A scale is fixed along the length of the bench to
enable the positions of the supports to be noted. - .
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A circular wire-gauze is illuminated with an electric lamp.

This constitutes the object. The convex lens is arranged with the
object on ‘its principal axis. The screen is brought into posmoq
on the other side of the lens and a sharp image of the object iy’
obtained. The values of # and v may be measured with the scale
for several sets of readings. The readings may be tabulated ag
shown below ¢

TABULAR COLUMN S Y

uy

No- 8 y " - = k
f u+-v B

The mean focal length of the convex lens is thus determined.

{¢) u-v GRAPH METHOD

With the readings taken in the previous experiment, a graph
is drawn with the value of # on the X-axis and v on the Y-axis
It'is necessary that the scale starts from the same value at the

3’-»25----;&
Vs

201* {
e 2

< 0 40 0

Fig. 4-22

u-v graph
origin and that the same seale is taken on both axes. The
bisector of the angle XOY cuts the graph at the point Q. At this
poxnt u=yv,so that from the cquation, e
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1 1 1
V+;J=' wegct
2.1
. u 7‘1
&f= ; )

Hence OM and ON corresponding to the point @ are mea-~
sured, and their average is found -out. Half of this value gives

the focal length of the lens.

(d) PLANE MIRROR METHOD i

Fig. 4-23 illustrates the method adopted. The rays of light
starting from O pass through the lens L and are incidentona
plane mirror M placed almost normally to the principal axis of
the lens.

Fig. 4-23
F of Convex lens using a plane mirror

The object is arranged to lie on the axis. The lens is moved to
and fro. At one position, a clear image of the object may be seen
very close to it. Slight tilting of the mirror is enough to bring the
image to any desired position. The image is found to have the
same size as that of the object. Hence the rays of light from the
object retrace their path.

The rays of light after passing through the lens should from a
parallel pencil, parallel to the principal axis. This parallel beam
is reflected by the mirror. The object should lie at the principal
focus of the lens in order that this may happen. The distance of
the object from the centre of the lens gives its focal length.
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11

12

13.
14

15.

16.
17.
18.

19.
20.

21,

~plane glass plate ?

' . '-(4_ .

.+ Exercise 4.3 .
What happens to a ray when it passes

(a) from a rarer to a denser medium
(b) from a denser to a rarer medium.

State the laws of refraction of light.

Define the terms ¢ angle of incidence, angle of refraction

and angle of deviation,

Define :  Refractive index of a medinm.,

Draw a diagram showing the course of rays through a

prism :

Explain the term “angle of minium deviation.”
44D

sin

Derive the relation gt = for a prism.

sin _4_
2
What is a lens ?

Define the following terms with reference to a lens :
Principal axis, Optic centre, Principal focus, Focal
length.

Mention any two rays proceeding from an object,
which are sufficient to locate its image,formed by a lens.
Draw diagrams showing the formation of real images
formed by a convex lens.

Draw diagrams showing the formation of virtyal image
(i) by a convex lens (ii) by a concave lens.

State the laws of distances of a lens.

Describe an approximate method of determining the
focal length of a convex lens.

Describe an experiment, to determine accurately- the
focal length of a convex lens,

Derive the relation connecting u, v and £ of a convex
lens when it forms a real image. :

Derive the relation confecting #, v and f of a convex
lens when it forms a virtual image.

Derive the relation connectiug u, v and fof a concave
lens.

State the uses of convex and concave lenses.

How do you distinguish between 2 convex lens and a
concave lens ?

How do you distinguish between a convex lens and a

~



4.4. DISPERSION OF LIGHT
44,1. INTRODUCTION

When 2 beam of white light falls on a prism, it splits up into
its constituent colours. The phenomenon of the splitting up of
composite light into its constituent colours is called dispersion.
It was Newton who using a beam of sunlight first obtained a spec-
trum. He interpreted and identified the seven colours in it —violet
indigo, blue, green, yellow, orange and red. Normally there is
an ‘overlapping of different- colours of the spectrum so that the
pectrum is not clear, ‘This is known as impure spectrum. A pure
spectrum is one in which the overlapping of the different colours
does not occur and in which each-of the different colours is clearly
séparated. In aspectrum formed by a prism,it is -found that red
bas a smaller deviation than violet.

4.4.2. FORMATION OF PURE SPECTRUM |,

The best arrangement for‘prdducing a pure spectrum is showa
4 Fig. 4-25.

‘ Fig. 4-24 Fig. 4-28
Spectrum formed by a prism Formation of pure spectrum

Light from the given sourge is made to pass through a narrow
slit and fall on a lens L, The slit is adjusted to be at the focal
plane of the lens, so that the rays of light after refraction through
the lens are rendered parallel. Thus a narrow beam of parallel
rays is incident on the prism. Considering any one of these rays,

:the prism produces a definite deviation for each of the colours.
Since the incident beam is parallel, the deviation produced for
any one colour -of light will be the. same for afl vhe says of the

Phy-1} -
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incident Tight, but will be different for the different colours.
Hence in the esnergent beam, rays of the same colour are parallel-
for example all red rays are parallel, all violet rays are parallel
and so on. If now a second convergent lens, M is placed in the
path of the emergent beam all the red rays are brought to focus
at the same poiat,all the yellow rays at a different point and so on.
Again it is advantageous to have the prism adjusted to be in the
minimum deviation position, Usually the prism is adjusted to be
in the minimum deviation position for yellow, the mean wave-
length. Then it will be very nearly in the minimum deviation
position for rays of other colours. s

Thus, the following conditions should be fulfilled to obtain a
pure spectrums ‘ ,

(i) The incident ight must pass though a narrow slit
(i) The rays incident on the prism must be parallel.

(iii) The cmergent beam of light should be brought to focus
by a converging lens and

{iv) The prism mustbein the minimum deviation position.
443, CONTINUOUS SPECTRA

A spectrum in which the various colours are formed without

" any break is known as a continuous spectrum. In general, a cone

tinuous spectrum results when a solid or a liquid or a gas under

high pressure is heated to incandescence. White hot platinum,

lime, carbon etc. give continuous spectra. Candle flame also

emits a continuous spectrum due to the incandescent particles of
carbon present in it.

In such a spectrum though only seven colours can be recog-
nized by the eye, there are various shades in.cach colour patch.
Oue colour does not abruptly change to the next, but gradually
shades into the next. Thus for example, starting from the centre
of the yellow patch, the colour very gradually changes from yellow
te orange at the centre of the erange patch on one side and shades
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very gradually to green on the other side. This means that we
must consider each line in the spectrum as a separate colour and

therefore the number of colours in the continuous spectrum is
infinite.

4.4.4, LINE SPECTRA

If the spectrum of & gas at low pressure js examined, the
appearance is entirely different. In place of a continuous band
of colours, a characteristic ;s¢¢ of distinct and separate coloured
lines is scen against a dark background. In contrast with the
continuous spectrum, this is ealled a {ine spectrum. The occurence
of a Hne spectrum signifies . the fact that the source sends out a
limited set of wavelengths of light and no others.

The gas may be mads to radiate light by maintaining it at
high temperature, by passing a spark between metal rods or by

sending a high voltage electric current through it (tubes filled
with neon or other gases).

Each element has its own characteristic line spectrum. Their
wavelengths will be helpful in identifying the element. Thus, for
example, if sodium chloride is introduced into a flame and its
spectrum examined with a powerful spectroscope, it will be found
that there are two close yellow lines.

The wavelengths in nanometres of the principal lines of some
elements are given below @

Sodium (Na) Mercary (Hg) Copper (Cu)

589-0 404-7 578:2
5896 407'8 521'8
530-3 4348 , 4531

v 4358 618

S1504 S 7 )
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4.45. “SPECTROMETER

“The spectrometer is one of the most useful instruments used
in the study of the spectra of different sources of light and the
refractive indices of materials.

**The' essential parts of the spectrometer are (i) the collimator
(i) 'the telescape (iii) the prism table and (iv) the circular scale
and vernier.’

(i), The collimator is an arrangement intended to secure
parallel rays of light. It consists of a vertical slit fixed at one
end of a hollow cylindrical tube which slides in another hollow
¢ylindrical tube. The width of the slit can be varied by means
of a screw. A convex lens is fixed at the opposite end of the
second tube. The lens of the collimator is near the prism table.
The distance between the slit and the lens can be adjusted by
sliding the first tube inside the second by rotating a knob. 1f the
slit is adjusted to be in the focal plane of the lens, rays of light
diverging from any peint in the slit will be rendered parallel after
eimerging from the lens. The collimator is fixed to the instru-
ment with its axis perpendicular to the axis of rotation of the
pnsm table, and cannot be maved.

...{ii)) The telestope i an astronomical one, with its axis
arranged to be in the same horizontal plane as that of the colli-
mator. It consists of an eye piece and an objective, both being
convergent lenses. In front of the eye piece isfixed a crosg wire
consisting of two fine fibres at right angles to each other. The
distance between the cross wire and the eye piece can be varied.
The distance between the objective and the eye piece can also be
varied to secure clear focussing. The telescope can rotate about
a vertical axis coinciding with the axis of rotation of the prism
table and can be clamped in any position, By means of a
tangential strew the telescope, after being clamped, can be
slightly moved cither way fo finé adjusiment,
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- .(iii)- The prism table consists of a metal platform on_which
the prism is to be mounted. It is provided with three levellmg

'} iFig. 426 !
» ] Spectrometer -
gerews. It may be raised or lowered and clafnped Mhnf«bﬁs‘i"

tion by a screw and itican also be .turned. about ‘2 .vertical axis
passing through its centre -and xs prwxded wuh clamping and

tangential screws. o

{iv) The circnlar scale is attached to the telescope and the
scale rotates with it. It is commonly graduated into half degrees.
The prism table carries with it a vernier and thus the relative
rotatjon between the telescope ‘and the prism table can be
measured accurately.

Adjustments of the Spectrometer

' The following adjustments must be made before commenes

ing an experiment with a spectrometer.

Wy

(i) Adjustment of the eye piece’: - The eye piece is adjusted
so that the cross wires are distinctly seen. This can be done by
turning the telescope towards an illuminated surface and sliding
the eye piece to and fro until the. cross wires are clearly seen. The
cross wires are normally adjusted to be vertical and horizontal,

(i) Adjustment of the telescope : The telescope is adjusted
for parallel rays by turning it towards a very distant object and
focussing it to get a clear image on the -cross wires without
parallax. : \

(i) Adjustmens of the collimator : - The ‘telescope is then
hrought in line with the collimator; The slit. of the' collimatér-is-
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illuminated by a source of light. The distance between the slit
and the lens of the collimator is adjusted until a clear/image of
the slit is seen at the cross wires of the telescope without -parallax.
Since the telescope is already adjusted for parallel rays, the well-
defined image of the slit can be formed only when the light rays
emerging from the collimator are parallel,

() Levelling the prism table : This is done by means of a
spirit level using the levelling screws.

44.6. DETERMINATION: OF THE REFRACTIVE INDEX
OF A PRISM

Angle of the prism | -

*  After making the necessary initial adjustments of the spe-
trometer, the ‘prism whose refractive index is to be determined
is placed on the prism table with its base perpendicular to the
axis of the collimatar and its edge bisecting the beam, so. that the
paralle} rays from the collimator fall on both the faces of the

Fig. 4-27 (a)

. Finding angle of the prism ‘ _
primm forming the edge. The two images reflecjed from the
two fisces are first located with the naked eye. Now the telescope
i beought 0 receive the Srst image in the field'of view and
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elamped. The centre of the cross wire is made to ¢oincide with
‘the image by adjusting the tangetial screw of the telescope in
the final position. The reading of the circular scale is read b)’
using the vernier..

The telescope is then rotated to receive the second reflected
image and the reading is taken in a similar way.

v "

The difference between these two readings gives the angle
between the reflected rays from the two faces. Half of this will

- be the,angle of the prism (4). y

Angle of minimum deviation .

The prism is placed on the. i)rism ;bl:vﬁth one refracting
face facing the collimator @nd the refracted image is observed
Mo,/

/ Fig. 4-27 (b)
Angle of deviation \

through the telestbpe The prism table is now rotated so that
the ‘refracted image moves towards the difect ray-and the angle
of deviation is decreased. If necessary the telescope is also rotated
8o as to follow the image.

, It will be found that, as the prism table is mtated in the
same direction, the image moves towards the- diréct ray upto
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sa-point and then turns back. The position of the imiage where it
© turns back i3 the minimum deviation position and the prism table
-48 figed in this position. The telescope is now adjusted so that its
vertical cross wire coincides with the image and the corres-
gondmg rcadmg is taken on the circular scale and'vernier, Now
the prism is removed and the telescope turned to receive the
direct ray and the vertical cross wire is adjusted to coincide with
the image. The reading of the scale and vernier is now noted,
‘The- différence between-the two readings - gives the angle of
minimum deviation (D).

The refractive index of the wiaterial of the prism (#) is cal
mmd usingthetibﬂhula

A+D )
sin ;
g = A
, UB

Refractive index of a liquid

A hollow prism made of thin glass plate may be used to find
_ the refractive index of a liquid. The prism is flled with the
fiquid, without air bubbles, The experiment is performed in the
. same manner as with the solid prism and the refractive index of
the liquid determined, of :

. R mmise ,4.4 i

1.  What is dispersion ?
‘2, What is a spectrum ?
3. What is the cause of dispersion of white light ?
4. Name the colours of the spectrum. How ave they arranged?
.8, How will you synmhesise the eolours of the spectrum to
produce white light ?
- 6. - Distinguish between pure spectrum’and impure spectrum,
7. - How will youn get a line spectrumn in the Iabamrory ?
- 8. ~ Write notes on :
() continuous spectrum.
@) line spectrum,
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Describe the construction of a spectrometer. . P
What are the preliminary adjusiments ‘to be made.in.q
spectrometer before using it L
1. Narrate briefly the procedure for determining the angl
of the prism using a spectrometer
12. Narrate briefly the procedure for determining the angle
. of minimum deviation of a prism using a spectrometer,
13. Narrate briefly the procedyre for determining the refracs

tive index of the given liguid using specirometer and a
hollow prism.

Se

4.5. OPTICAL INSTRUMENTS -
4.5.1. REFLECTING TELESCOPES

It is a common observation that when an object moves away
from us it appears smaller and smaller,so that very distant objects
cannot be seen clearly. A telescope is an optical instrument
which helps us see distant objects. The first telescope was pro-
bably constructed in Holland in-1608 by an obscure specta-
cle grinder, Hans Lippershéy. A few months later Galilea
upon hearing that objects at a distance may be made to appear.
close at hand by means of two lenses, designed and made with
his own hands the first authentic telescope.

The telescope is one of the most important instruments used-
by astronomers for direct observation of celestial objects, The.
most important part of a telescope is the objective, which collects.
the light from the object and produces its image which can be
observed through a magnifying system..which is called the eye
piece.

Today there are twa general kinds of astronomical telescopes
in use, They are (1) refracting telescopes, which utilize lénses to*
produce images, and (2) reflecting telescopes, which utilize
misrors to produce images, -

In the refracting telescope an image of the object to, be obsers
ved is first produced by meansof the objective (a convex lens.or
{enses) -
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by refraction. The image produced is inverted. The image is
gwerved-through a smaller convex lens system called the eye
piece (Fig. 4-28).

Fig- 4.28
Refracting Telescope

In astronomical work, the objective diameter is made as large
as possible. This gives the telescope a good light collecting power,
80 that faint objects may be more easily seen. The world’s lar-
gest refracting objective, at Yerkes Observatory, U.S.A., has a -
diameter of 1m and a focal length of 19-8 m. Lenses bigger than-
this would by very expensive to construct. Large objective lenses
are difficult to grind and are not easily supported without sagging,
which changes the shape of the lens. The glass from which the
objective is ground must be of high quality, free of bubbles and
other imperfections, For these reasons all the world’s largest
telescopes bave reflecting objectives. An objective of this sort
need only have one perfect surface, and may be easily supported
from behind.. We also attain greater stability of the telescope by
installing the large and heavier optical part (in this case the con-
cave mirror) at the bottom of the instrument (as against the re-
fracting type where the large objective lens has to-be at the top).

b The first reflecting telescope was built in 1668 by Newton.

A concave mirror is used as the objective in the Newronian teles-
cope, and light incident on the mirror is reflected towards its focus.
A concave mirror produces an image in front of it and therefore,
in the path of the incident light. This means that any device for
observing the image, will have to be in the path of the incident
beam. Therefore, if the image isto be inspected visually the
observer blocks out some incoming light. To avoid this the refle-
cted light is usually diverted before it comes to a focus so that the
image is formed at a more convenient location, - '
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There are different types of reflecting telescopes. In the
Newtonian type of reflecting telescopes, a small mirror is moanted

diagonally to intercept the reflected light just before it reaches
the focus and deflects it sideways to the eye piece (Fig. 4~

e
L [ He

F igt 4'29
Reflecting Telescope—Newton’s Type

Another arrangement for a reflecting telescope is the Casse-
grain system, in which a small convex mirror is us€d to reflect
light'back to a focus at the pole of the large concave mirror
{which_is the objective) and the eye piece is situated beyond the
pole. In many reflecting telescopes a small hole is provided at
the centre of the objective mirror so that light reflected from the
convex mijrror can form animage behind the objective (Fig.4-30).

The hole cuts out only a small percentage of the mirror's tota}
area. '

¥ ~— o

¥ Fig. 4-30
Reflecting Telescope—Cassegrain type

Some of the world’s largest telescopes in operation are the
254 m. (100 inches) diameter reflector at Mount Wilson, U,S.A.
and the 5-08 m (200 inches) reflector at Mount Palomar, U.8.A.

4.5.2, PHOTOGRAPHIC CAMERA

For the photographic camera (Fig. 4-31) the converging lens
Is, supported at one end of a light-proof box, with the, seasitive
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material at the other end, at a distance just greater than the
focal length of the lens. There is usually a provision for varying
the distance between the lens and the film slightly; so that objects
at different distances can be focussed sharply. A scale of distancé
will be marked ¢n the lens mount or elsewhere.

Figc 4'31
Photographic Camera

Behind the lens, there is a shutter which can be arranged to
open, for varying lengths of time, to make the exposure, perhaps
1/25, 1/50 or 1/100 of a second. A diaphragm of variable aper-
ture;, called the ‘iris’ is also provided so that the amount of light
entering the camera can be controlled. At large apertures, only
a short exposure is needed. but the focussing must be accurate
and will, in general, be sharp at one distance only. Greater depth
of focus can be obtained by reducing the aperture but longer
exposures will be required. The aperture is usually denoted by
a fraction of the focal length of the lens, for example an aperture
of 1/8 of the focal length is known as f /8, 1/n. This is called the
f number’. .

A large * f number ° therefore means a smaller aperture and
the ‘stops’ are usually arranged in such a way that moving from
ong to the next higher ¢ f number’ allows about half as much light
through. The exposure is proportional to the area of the aper-
ture, while the < fnumber’ is inversely proportional to its dia-
meter. To cite an example, the light admitted at f/8 will be
related to thatat f/11inthe ratio 11% 0 8%0r2to 1 approxis
mately. /e '

It follows that an exposure of 1/50.second at £/8-will be equi- |
- valent to onc of 1/25 sccond at f/11, Assusing that either of
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these would be sufficient to give a satisfactory negative-with the
plate or film being used, the choice would depend on other factors
For example, if movement of the object is likely to take place,
a shorter exposure would be preferable, while if depth of focus
is the primary consideration, a smaller aperture would be used in
conjunction with a longer exposure.

In recent cameras, there are automatic arrangements which
will select the appropriate ‘f number’ and the exposure time when
a particular object is focussed.

Exercise 4.5

1.  Wha is the main difference between a reflecting 1elescope
and a refracting trelescope ?

2. Draw the diagram of a reflecting telescope of Newtonian
type.

3. What is the main difference between the Newronian type
and Cassegrain type of reflectian telessopes ?

4. Draw a diagram to show kaw e busge is Jormed by a

photegraphic camera. )

Explain the construction of @ phetegraphic camera.

6. Explair; (iy f number

(if) Exposure or exposure time.

w

4.6. INFRARED AND ULTRAVIOLET
RADIATIONS

4.6.1. INFRARED RADIATIONS

In 1800, Sir William Herschel investigated the heating effect
of the different parts of ‘the solar spectrum with a sensitive
thermometer. He found that the maximum heating effect occured
outside the visible spectrum, beyend the red end. He thus dis-
covered a radiation, which is invisible, and has a longer wave-
length than that of the visible light. This radiation was named

as she infrared radiation.
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The wavelength of the infrared (/R) region ranges fron
10-*m to 10~°m and is divided into two classes, the near /R and
the far IR. The near IR is called prism IR ranges from
3x10~° to 25x10-°m and the far IR extends from 25X10~°m
to 10-3m.

The natural source of near IR is the sun. In IR experi-
ments, the two most widely used sources of IR radiations are the
Nernst glower and the globar. The glower consists of a filament
composed of a mixture of various rare earth oxides, the most
important being those of zirconium, thorium and cerium.
The filament is maintained incandescent by electrical heating and
run at a temperature higher than 1800 K. The globar is 2 rod
of silicon carbide which is maintained at a constant temperature
by the passage of electricity. Itis more useful at longer
wavelengths (>10~°m). Carbon arc, with crater temperature of
3000 K, may also be used as a source of JR. Incandescent solids
_ at temperatures in the range 1000 K to 1500 K will also emit IR.

Most of the IR detectors designed are based on the heating
effect produced by the radiation. Some of the most important
detectors of this type are the vacuum thermocouple and the
bolometer. The thermocouple is based on the thermoelectric
phenomenon of generation of e.m.f., which occurs when there is
a temperature difference between the two junctions of two wires
of different materials. The bolometer works on the principle of
variation of electrical resistance of materials with temperature.

In the IR spectographs, either a prism or grating or both
may be used as the dispersing medium. Prisms can be used for
the near IR and this is the origin of the name prism IR for this
region. The prism material has to be selected depending on their
transparencies in different regions. For example, glass transmits
to abour 2:5¢ (1¢ =10~°m) and quartz to about 4%. For longer
wavelengths, they are normally replaced (as material for the
prism) by rock salt, which transmits to about 20,

Infrared radiations penetrate atmospheric haze (but not fog
or mist) better than visible light. They are found to be most
suitable for long distance photography. Infrared photography
is, therefore, very convenient for aerial mapping. Water absorbs
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IR radiation quite strongly, so that Jakes and rivers appear black
on a photograph and can be detected clearly.

The study of the IR absorption spectrum has been used in
the analysis of chemical compounds, determination of molecular
structure and the detection and identification of organic molecules.
"This is because piany chemical compounds exhibit characteristic
IR ahsorption spectra. In fact the charact-ristic JR speoira
have been called the ‘finger prints’ of the moiscule,

4.62. THE ULTRAVIOLET RADIATION

At about the same time when Herschel noted the extension of
the spectrum beyond the red, Ritter and others found that photo-
graphic materials placed beyond the spectrum at the viclet end
were affected. This suggested that there was some radiation
present in this region also. This radiation with wavelangths just
shorter than that of the violet end of the visible spectrum is called
ultraviolet (UV) radiation. It ranges from 400 o ato about 10 nm.
The ultra violet radiation is emitted by any object that is hot
enough (any object that is white hot for exaraple}. Normal
glass is practically opaque to UV radiation. Glass is transparent
to wavelengths down to about 300 nm. Quartz will transmit UV
radiation down to about 180 nm and fluorspar (calcium fluoride)
will allow upto 100 nm. UV radiation of very short wavelength
is absorbed even by air, and therefore has to be studied using a
wacuum spectrograph. The incandescent filament of an clectric
light bulb emits U¥ radiation, but this does not get out of the
bulb envelope unless it is made of quartz. Mercury vapour lamps
and hydrogen discharge tubes, usually in quartz. envelope, are
some of the intense sources of UV radiation.

Ultraviolet light affects photographic plates and this property
serves as a method of detecting and studying these radiations.
When UV radiation falls on certain substances, they emit visible
light and this is called fluerescence. lo general when a radiation
falling on a substanee causes emission by the substance of radiation
of wavelength longer than that of the incident radiation, fluorce-
scence is £aid to occur. Many substances fluoresce with a charac-
teristic visible light under UV radiation. For example, a solue
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tion of quinine sulphate in dilute sulphuric acid gives blue Kght
crystal of fluorespar gives out violet light, uranium exide gives
out green light and so on. Observations of the nature and inten-
sity of the fluorescent radiation enable tests for many » purposes Lo
be made very accurately and very quickly. For example the
shells of newly laid eggs emit a rosy fluorescence, those of stale
eggs biue or violet. Normal teeth look bright under ultraviolet
light, whereas artificial teeth look black. Identity of fluorescence
has heer. used to establish that samples of material are from
identical sources. Different inks used in forged documents have
been distinguished. In some cases the emitted light . persists even
after the UV radiation has been cut off. For example, if we
place soms calcium sulphate in a beam of the UV radiation, it
will continue to glow with a bright light for as long as an hour
after the radiation is switched off. ‘This phenomenon is calied
phosphorescence. Another property of ultraviolet radiation is its
ability to cause electrons to be emitted when it falls on some
metals, a phenomenon known as the photoelectric effect. The
above mentioned properties may be made use of to detect and
study UV radiation.

Ultraviolet radiations have biological effects, beneficial as
well as harmful. Short wavelength UV radiation kills bacteria.
Low intensity radiation can be used to assist in the healing of
wounds. When absorbed by the skin, the radiation causes the
formation of vitamin D (necessary for the prevention of rickets)
UV radiation can be harmful in large doses or high intensities.
Fortunately the large amount of UV radiation from the sun is
absorbed by the atmosphere and so at ground level the intensity
is not too high to be harmful but the intensity at great heights
above the ground can be dangerous,

Exercise 4.6

What is the wavelength range of infrared region ?
Name the most commonly used sources of infrared.
Mention the detectors used in the study of infrared.
Write a note on infrared spectrographs.

Mention any three applications of infrared.

What is the wavelength range of the ultraviolet region 7

.

oUW
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7. What are the prism materials used in the study of ultrd-
violet ?

8. What properties of the uliraviolet rays lead to their
detection 7

9. Mention a few applications of ultravielet rays.

Phy—12



5. ATOMIC PHYSICS

Pl

5.1. DISCHARGE OF ELECTRICITY
THROUGH GASES

5.1.1, INTRODUCTION

At normal pressure, air and most of the gases do not conduct
electricity. However, it has been observed that the gases be-
come conductors of electricity at low pressure, under the action
of a strong electric field, In this case, an electric discharge takes
place between two electrodes (between which a strong electric
ficld is applied} in air or gas.

The study of electric discharge through gases gives valuable
information regarding the structure of atoms. This has led to
the discovery of clectrons by §.3, Thomson and later on, to the
discovery of X-rays by Roesntgen, When we walk aloag the
strecis of a modern city in the night, we see the beautiful display
of neon (bright red) and helium (pale green) advertising signs.
Modern offices and bornes are illuminated by light tubes. In all
these cases we deal with the passage of electricity through a
rarified gas. This phenomencn was the subject of life long
studies by J. J. Thomson,

5.1.2, THE DISCHARGE TUBE .

A simple experimental arrangement required to study thc
passage of electric current through a gas is known as-a dxschargc
tube. This is shown schematically in Fig. 5-1, 4 ).

P This consists of a strong glass tube of length about 1 to 1-5
metres and diameter about 3 to 4 cms, provided with two alumis'
nium electrodes at the two ends. They are connected to the
secondary terminals of a powerful induction coil such that 4 is
the anode and C, the cathode. There is a side tube T which is
connected to a high vacuum pump and a low pressure gauge. By
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reducing the pressure of the gas in the discharge tube with the
pump and by applying a high potential of about 50,000 volts

-H-n'
/ ;,\

"y

L s

Fig. 5-1
Discharge Tube

from the induction coil, an electric discharge can be produced
between the electrodes 4 and C.

5.1.3. DISCHARGE OF ELECTRICITY THROUGH
GASES —-YARIQUS STAGES

As the pressure of the gas in the discharge tube is gradually
reduced by working the exhaust pump, a series of phenomena is
found to take place in succession. They are discussed below and
illustrated in Fig. 5-2.

(1) At pressures above 10 cm of mercury, no discharge
passes through the tube. If an ammeter is iucluded in series
with the elecirodes, it will indicate zero current.

(2) Ata pressure of about 10 cm of mercury, a cracking
moise is heard which is an indication that the air has started con.

ducting electricity. Scon irregular streaks of light appear in the
tube as shown Fig. 5-2 a.

{3) As the pressure is reduced to the order of 10 mm of
mercury, the crackling striates broaden out into a luminous
column starting from the anode. Thisis known as the positive
column. The colour of this column depends upon the nature of
the enclosed gas. This is shown in Fig. 3-2 b.

(4) At a still lower pressure of about | mm of mercury, a
dark region called the Faraday dark space appears near the
cathode which divides the bright discharge into two parts—a
long section called the positive column and a short binish section
called the negative glow. This is indicated in Fig. 5-2 ¢,
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© (5) Asthe pressure drops still further, the Faraday dark
space grows in size and the negative glow mcves awiy from the
cathode, another dark space between it and the cathode called the
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Fig. 5-2

(a) Pressure == 10 mm. of Hg; Irregular streaks

(b) Pressure == 20 mm. of Hg; Positive columas

(c) Pressure = 1 mm. Faraday dark space of Hg

(d) Pressure = 0*1mm. of Hg; Crookes dark space
P and striations

Crookes dark space appears. At the cathode, a glow called the
cathode glow is visible. At the same time the positive column is
broken into a number of regularly spaced layers (striations)
This condition is obtained ata pressure of about 0-1 mm. of
mercury. This stage is given in Fig 5-2 4.

(6) Il the pressure is reduced further, the striations and the
negative glow are no longer present. At a pressure of .about 0-01
. of mercury, the Crookes dark space widens and fills the
entire tube. This state is known as the black discharge. At this
stage, a new feature appears viz., the glass tube opposite to the
cathode glows with a faint greenish light, -
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5.1.4. CATHODE RAYS

The green glow in the fina} stage of the gaseous discharge
just explained was soon found to be a fluorescence of the glass
produced by some invisible rays emanating from the cathode.
These rays were called the Cathode rays. These cathode rays
were systematically studied by many outstanding investigators
like Crookes, J. J. Thomson, Perrin and others. It has been
finally established that the particles constituting the cathode rays
are negatively charged particles,

5.1.5. PROPERTIES OF CATHODE RAYS

Cathode rays were originally believed to be an ‘‘ultra
gaseous state’’ by Crookes and to be a “‘fourth state” of matter
by Hittorf. Later, several ingeneous experiments were carried
out and the following properties of cathode rays have been
established :

(i) The cathode rays travel in straight lines. This was
first demonstrated by Hittorf, whose simple experiment is shown

Fig. 5-3
Maitese cross in the path of cathode ra,
in Fig, 5-3. He interposed an obstacle 3 in the shape of a
Rialiese cross in the path of the cathode rays. A sharp shadow
of the cross is cast on the screen.
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(il Crookes proved that the cathode rays possess moten-
tum and mechanical energy by means of a simple apparatus a3
shown in Fig. §-4. Mica vanes are attached to a smail wheel ca-
pable of rotating over two parallel rails. When cathode rays are
incident on the vanes, because of mechanical pressure, the wheel

is rotated towards the anode. This shows that cathode rays pos-
sess momentum and energy.

Fig. 5-4
Cathode rays possess mementum

(iii) The rays produce heat when they fall upon matter. If
the cathode is concave in shape and a small piece of platinium is
placed at the centre of curvature, it soon becomes white hot.
This experiment also shows that the rays are emitted at right
angles to the cathode surface, their direction being independent
of the position of the anode.

(iv) The rays preduce chemical reaction similar to the rea-
ctions produced by light. For example, certain silver salts change
colour when hit by these rays. Like light, therefore, these rays
can affect the photographic plate.

(v) Many minerals, glass and salts fluoresce brilliantly with
characteristic colour when placed in the beam of cathode rays.
Examples : zinc sulphide, potassium platino-cyanide etc.

(vi) These rays can penetrate through thin sheets of matter
such as aluminium and gold foil.

(vii) These rays ionise gases. i

(vii)) When the fast-moving cathede rays are sulldenly
stopped by a solid obstacle, the obstacle becomes the source of
X-rays.,



(ix) These rays are deflected by an electric field towards the
positively charged plate. This is shown in Fig. 5-5. A pair of
parallel metal plates is introduced in the discharge tube. A pot-
ential is applied between them such that the direction of the elec-
tric field is at right angles to the direction of the cathode rays.

Fig. 5-8
Deflection of cathode rays by an Electric field

It is found that the rays are deflected towards the positive plates.
This demonstrates that the cathode rays carry negative electric
charge. Since these rays are invisible, the deflection can be obser-
ved only if the end of the discharge tube opposite to the cathode
be coated with a fluorescent material. A luminious spot made by
these rays will be seen on the discharge tube.

P\ ’_\‘

Fig. _

Deflection of cathode rays by a magnetic field
(x) The cathode rays are deflectedb y 2 magnetic field. This is
shown in Fig. 5-6. A magnetic field is applied by placing the
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discharge tube between the pole-pieces of an electro-magnet. The
uorth pole is in front and south pole at the back.  The direction
of the field is at right angles to the path of the cathode rays. The
cathode beam is found to be shifted vertically downwards. If
the poles are reversed, the beam shifts upwards. This effect also
demonstrates that the cathode rays carry negative electric charge.

5.1.6. DISCOVERY OF THE ELECTRON

An extremely important observation about cathode rays was
that their properties were quite independent of the nature of the
cathode material and of the gas in the discharge tube, This fact
led to the conclusion that cathode rays must consist of a parti-
cular kind of particles which are present in all kinds of atoms.
These particles should of course have negative charge since as
already mentioned, the cathode rays carry negative charge. It
became then a matter of great importance to determine the mass
(m) of the particle and the amount of charge (¢) carried by it.
J. J. Thomson himself took the first step by determining the ratio
of charge to mass of the particle from observations of the extent
to which cathode rays are deflected by known electric and mag-
netic fields. H. A, Millikan devised a clear experiment to mea
sure e. This together with the known (e/m) gave the mass m.
Incidentally, it was J. J. Thomson who gave the name electron
to the particle.

The values of m and e of the electron have been determined
with great accuracy by later experiments.

e = 16011 X 10~ coulomb-
m = 91096 x 10~ kg

Each electron is identical to every other clectron; all carry
exactly the same charge and have exactly the same mass.

5,1.7. ORIGIN OF CATHODE RAYS

‘ Under the action of the electric field, some of the gas mole-

cules in the discharge tube get ionised. lorisation is simply the
process of removal of one {or more} electrons from the neutral
atoms or molecules. The molecules which have been deprived of
any electrons become positively charged and contribute the
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positive ions. In the cathode-ray tube, the positive ions are
accelerated towards the negative electrodes (cathode) and the
electrons towards the positive electrode {anode). The current
passing through the gas in the discharge tube is constituted by
the motion of positive and negative charges in opposite directions.

Normally the expelled electrons soon attach themselves to
neutral molecules and form negative ions. But, owing to the
special conditions of ionisation at every low pressure in the dis-
charge tube, the electrons expelled from the neutral molecules
have no chance of getting attached to neutral molecules. These
isolated electrons constitute cathode rays. The positive ions also
give rise to a contribution to the stream of cathode rays, in the
following way. As they are accelerated towards the cathode by
the electric field, they gain considerable kinetic energy and strike
the cathode surface with much force. The result of this bom-
bardment by the positive ions is that the cathode emits electrons,
which then get accelerated towards the anode. Thus the cathode
rays or stream of clectrons in the discharge tube are principally
produced by (i) the process of ionisation under special condi-
tions and (ii) the bombardment of the cathode by fast-moving
positive ions.

5.1.8. APPLICATION OF THE DISCHARGE PHENO
MENON IN IZLUMINATION

The phenomenon of the low pressure electric discharge has
been put to use in different branches of science and industry.
Perhaps, the most important of these is the use of discharge tubes
as sources of light in spectral analysis and of fluorescent tubes for
lighting purposes. We shall discuss here only the modern lamps
of great luminosity such as (i) the sodium lamp, (ii) the mercury
vapour lamp and (iii) the fluorescent Jamp.

(i) SODIUM VAPOUR LAMP v

This is a lamp based on ‘hot cathode positive column’
discharge.

The sodium vapour lamp is shown in Fig. 5-7. The discharge
tube is bent in the form of 2 U-tube with electrodes E; and E,
fused at the two ends, Some specks of metallic sodium are deposi-
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ted on the inner walls of the tube. The tube also contains 2 very
small quantity of neon gas at a pressure of about 10mms of mer-

Fig. 5-7
Sodium vaponr lamp

cury. Thisis used as a catalyst to start the discharge. The
lamp requires an operating temperature of about 300°C for good
luminosity. To minimise heat losses, the discharge tube is surro-
unded by a double - walled vacuum tube. For the discharge to
start a voltage of about 400 volts is required which is supplied
by a leak transformer.

Initially the discharge passes through neon gas and the colour
of the light is red. The heat of the discharge is sufficient to vapou-
rise the metallic sodium and thereafter the discharge passes pre-
ferentially through sodium vapour. This results in the familiar
brilliant yellow light. The operating voltage of the lamp is then
only 230 volts.

'

The sodium vapour lamp is commanly used in the laboratory
as a source of monochromatic (single colour) light, It is used for
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lighting up show-cases in shops and public places. Sodium va.
pour lamps together with mercury lamps have been used for straet
lighting,as the two together give a more pleasant and intense light
at somparatively low cost.

(i) MERCURY VAPOUR LAMP

The mercury vapour lamp is also of the “het eathode” type
and operates at a temperature of about 600°C. The construction
is similar to that of the sodium vapour lamp and shown

in "e'. 3". . ) “(

£
S

Rig. 5-8
Mereary vapour lamp

The inner vessel contains a small amount of mercury and
argon gas at a pressure of 10 mm. mercury. This has two main
electrodes sealed at its two ends, and also a starting electrode,
This iz surrounded by an outer vacuum jacket. The starting
electrode helpsto start the discharge through argon. As time
elapses, mercury vapourises and maintains the discharge, giving
a very brilliant light. It works at a lower voltage and proper
choke is provided for use with it.

The light from the lamp is blue and is rich in ultraviolet,
violet and grzeén. A person looks ashen in such a light. Mercury
lamps are now very commonly used for street lighting purposes,
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(iii) THE FLUORESCENT LAMP

In the mercury vapour lamp, the invisible ultravoilet light
goes waste. Butif the outer cover of these lamps is coated on
the inside with a fluorescent material such as zinc sulphate, cad-
mium borate etc (also called phosphors), they would convert the
invisible ultraviolet light into useful visible light. Thus the
fluorescent lamps are extensions of the mercury vapour lamp. By
suitably varying the phosphors, any desired colour or even a
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Fig, 5-9

Flucrescert lamp

mixture of colours can be obtained. The common fcrm of the
fluorescent lamp is shown in Fig., 5-9. This consistsof a long glass
tube G with a coating of fluorescent materials on its inner side.

A small quantity of mercury is introduced in the tube. The
tube is then sczled off at the two ends at a pressurs of about 1
mm, after ints dacing two electrutes EE made of thick tungsten
wire. These clectrodes are preheated by means of a starter cir-
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cuit for about 2 to 3 seconds. During this time a current:flows
though the electrodes and makes them red-hot. Under these.con-
ditions, the discharge occurs between the main electodes.

The preheating starter S, is of glow-type. This consists of
two metallic strips inside a glass bulb filled with helium. The
pressing of the main switch S, "causes a.glow discharge to occusr
across the strips. This discharge heats up the strips causing
them to bend towards each other and finally touch. This
enables the main tungsten electrodes to be heated. The
touching of the strips destroys the glow discharge. -Hence
the strips get cooled and separate again. However, ~the
heating of the main tungsten electrodes results in the start of the
main discharge and the lamp starts operating. The capacitor
C, in the starter circuit is for bypassing radio interferences. The
resistance R (about 100 ohms) in series with C, prevents the
starter strips from welding together. The choke acts as a current
limiter while the capacitor across the main corrects the power
factor.

The fluorescent lamps are characterised by higer luminosity
than ordinary filament bulbs for a given power consumption and
are being increasingly used for domestic lighting purposes, Théy
also minimise glare and thich shadows apd produce uniformly
diffused light. The average life of these lamps is 2lso high. These
advantages are made use of in the design of lamps for some speci-
fic purposes such as work in mines, surgical operations etc,

Exercise 5.1

1. What is meant by discharge of electricity through gases-?
2, (i) Who discovered the electrons 7

(if) Who discovered the X-rays ?
3. Describe a discharge tube with the help of a diagram,

4. Describe with suitable diagrams.the behaviour of discharge

through a gas, as the pressure of the gas is gradually
decreased.

S. What are cathode rays ? Mention their important proper.
ties. )
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6. How ean you experimentally demionstrate that cathode rays
travel in straight lines ?

1 Describe the experiment to demonstrate that cathode rays
possess momentum and energy.

8. Describe an experiment to prove that cathode rays consist
of negative charges,

9. What is the charge of an electron ? What ig its mass ?
10.  How are cathode rays produced ?

1L, Explain the construction and action of a sodium vapour
lamp. ‘

12, Describe a mercury vapour lamp with a neat diagram,
Explain its uses,

13, Describe a flourescent lamp with a neat sketch. What are
{ts merits and uses ?

5.2, SOURCES OF ELECTRONS
8,21, INTRODUCTION

Electrons are the building blocks of all metals and in fact of
all forms of matter. Even a very small quantity of matter con-
tains enormous number of electrons, Hence it is expected that
any kind of matter can be made to emit clectrons under suitable
conditions. For instance, cathode rays, which consist of elect-
rons, are emitted in a discharge tube as we have already seen.
The other important processes of electron emission are (g) ther-
mionic emission and (b) photo-electric emission. The study of
these processes is very useful as they have very wide practical
applications.

$.2.2, THERMIONIC EMISSION

The emission of electric charges by hot metals was exten-
sively studied by O. W. Richardson. When metals like tungsten
are heated to a high temperature, by passing an electric current,
they supply dense streams of electrons. It reminds one of the
evolution of steam from water when heated to the boiling point.
This emission is due to higher temperature and not due to eleg-
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itic current. Heating & metal by any other means will also pro.
duce the same effect. The emission of clectrons by a hot body
is known as thermionic emission,

Prof. O. W.Richardson gave the name of thermions to this .
subject, The ions (electrons or negative ions) emitted from hot
metals are called thermions or thermo electrons. The flow of
these thermions constitutes an electric current and is known as
the thermionic current,

5.2.3, DISCOVERY

In 1883, Thomas Alva Edison, while trying to invent a satis.
factory electric bulb made an accidental discovery, known as the
Edison Effect. The arrangement to demonstrate this efiect is
shown in Fig. 5-10, ) o

Fig. 5-10
Edison Effect

F is a carbon filament and P is a metal electrode; both are
placed inside a highly evacuated glass bulb. G is a galvano.
meter. The filament is raised to incandeseence by connecting its
terminals to a battery B. When the switch S is connected to the
positive end of the battery, P iz made positive relative to the
filament, The galvanometer shows a current. When P is made
negative by connecting § to the negative end of the battery, the
galvanometer does not show any current. This clearly suggests
that the incandescent filament emits negative charges. When P
is positive, these negative charges are attracted by the plate,
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resulting in a flow of current. When P is negative, the negative
charge: from the filament are repelled, and there is no current.
However, it was only after the discovery of the electron in 189%
that it oould be recognised that these charges are carried by
particles (the clectrons).

5.2.4, RICHARDSON’S EXPERIMENT

Although several earlier workers investigated the pheno-
menon of thermionic emission, Prof. O. W. Richardson was the
first to offer a satisfactory explanation of this process based on
his experimental results. His experiments have firmly established,
not only the nature of thermions but the dependence of
thermionic emission on the temperature, nature and area of the
emitter, on the potential difference applied and the nature and.
pressure of the surrounding gas. The apparatus used in the
stady of the thermionic emission is shown in Fig. 5-11.
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Fig. 5-11

Richardson’s experiments on thermionic emissioa

_ The metal to be heated is taken in the form of a thin wire
called the filament F. This filament is stretched along the axis:
of a hollow metallic cylinder called the plate P. The filament
and the plate are enclosed in a glass bulb B which is connected.
to a vacuum pump through a side tube 7. A good vacuum can.
be maintained in the bulb or a gas can be filled at any desired:
pressure. The filament is heated by passing an electric current: -
from the battery B,, connected in series with an ammeter and a.
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shoestat. The ammeter measures the current that fiows through
the filament, called the filament current Ir. The plate P is cone
pected to another battery B, which enables a p.d. to be applied
between the plate and the ﬁlament. A sensitive galvanometer &
or a milliammeter M is included in the plate circuit to measure
the thermionic current or plate curreat Ip,.

To begin with, the positive terminal of the battery B, is con~
nected to the plate P. When the filament is at ordinary tgmpe-
zatures, there is no deflection in the galvanometer indicating that
there i3 no current in the B, battery circuit. This means that
‘there is no emission of charged particles from the filament, Buwt
if we raise -the temperature of the filament by passing more
current to the filament, the galvanometer will register a current.,
“This indicates that the charged particles emitted from the fila-
ament pass through the empty space between the filament and the
plate. As we raise the temperature of the filament further going
4rom orange hot to white hot, this curfent increases very rapidly.

Now the experiment is repeated by connecting the negative
-of the battery B, to the plate P. In this case the galvanometer
shows no current even when the filament is white hot. Hence
-we conclude that all the electric particles emitted by a hot metal
are negatively charged. These particles are in fact electrons.

%.2.5. IMPORTANT RESULTS OF THE RICHARDSON
EXPERIMENTS

{i) Nature of Ions

The negative ions emitted by the hot filament are electrons.
“Thomson confirmed this by measuring the value of e/m (also
.called specific charge).of these ions and finding the value to be
¢he same as for an electron.

{ii) Saturation current

The temperature of the filament can be evaluated from its
wesistance. By keeping the temperature T constant, the thermio-
mic current [, is measured for various voltages applied to the
plate (Vy). When the data are plotted, a curve of the form

 Phy—13
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shown in Fig. $-12 is obtained. It is seen that the thermionic cur-
rent does not obey Ohm’s law. It increases very slowly first, then

Y4 T constant
r‘-.—--
Ip
Iy
o . v, — > %
Figo ‘5'12

Variation of theromionic current with plate voltage

more rapidly and finally becomes a constant. This is known as
saturation current I;. The voltage corresponding to this current
is called saturation voltage.
(iii) Space - Charge Saturation \

The plate potential ¥ is kept constant and the temperature
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Fig. 513
Space-charge saturation

T of the flament it gradually increased. The current \’p begins
to flow at about 1000°C. As the temperature is further inexémd‘.
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the J,, increases very rapidly until a saturation current 1s rea«
ched as shown by the curvein Fig. 5-13. Similar curves are
obtained for different constant voliages V,, V, and ¥V, in the
increasing order. The current is limited to a certain maximum
value for each of these voltages because of what is called spacef
charge saturation. This is explained as follows:

The rate of emission of electronsis small at low tempera-
tures so that the applied voltage (V,) is able to attract all the
electrons towards the plate. As the temperature increases the
rate of emission of electrons also increases. But the applied vol-
tage is not sufficient enough to attract all the electrons towards
the plate with the result that the unattracted electrons remain in
vicinity of the filament. This is called space-charge, i.c. electrons
will be lingering in the space, between the filament and the plate.
These electrons will make it difficult for any more electrons to
escape from the filament. When the temperature is still further
increased, a situation develops in which only a constant number
of electrons per second are allowed to geach the plate. Thus
saturation is reached due to space-charge effects. This limitation
of current due to insufficiency of the applied potential is called
space charge saturation, The higher the applied potential, the'"
greater is the saturation current.

§.2.6, PHOTO ELECTRIC EFFECY |

A series of experiments conducted during the nineteenth cens; .
tury revealed that electrons are emnitted from a good number of
metals when tleraviolet ot vigible light falls upon them. This phes
nomenon it called photo electric effect since an electric current it
obtained from photo (light). The elegtrons so emitted are,
called photo-electrons and the resulting current is known &,
Dhoto electric current. | :

|

527, DISCOVERY OF PHOTO ELECTRIC EFFECT

A telegraph operator W, Smith was the first to observe the
phenomenan in 1873, He was measuring the resistanee of trany:
atlantic cables using selenuim resistors,  He ehserved that. whee'
sun light fol\ upon-these tesiitors, the curtent in the ¢leeuls varl

e s
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considérably. In 1887, Hertz found that when ultraviolet rays
fell on a spark gap, the sparks passed moré easily. Later work
has shown that all substances, solids, liquids and gases exhibit
photo electric effect under appropriate conditions. It is however,
convenient to study the effect with metallic surfaces.

5:2.8. EXPERIMENTAL STUDY

Fig. 5-14 illustrates the type of apparatus employed to study
the photo electric effect,

PsP,I

O —

Fig. 5-14
Photo electric effect

Two zinc plates P, and P, were kept inside an evacuated
quartz bulb. They were connected to a battery B and a galvano-
meter G. When ultraviolet light feil on the plate P, which was
connected to the negative terminal of the battery, a current was
found to flow as indicated by the galvanometer. But when light
fell on the positive plate P, there was no flow of current. These
observations led to the conclusion that the particles emitted in the
photo electric effect must be negatively charged; for the observed
current can be explained only by the fact that the negative ions
emitted by the negative plate are attracted towards the positive
plate and thus cause a flow of electricity. Lenard determined
the value of e/m for the emitted ions and found it to be the same
es for electrons, Hence it is clear that the particles emitted by
the photo-emissive substance are electrons.

$.2.9. RESULTS OF THE PHOTO ELECTRIC EFFECT

From the various experimental studies of the photo-emission
phenomenon the following results have been obtained::
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(@) A metal shows photo electric effect only if the incident
wadiation has a frequency above a certain value called the
-threshold frequency.

This frequency is characteristic ofthe substanceon which
‘the radiation falls.

(b)) The photo electric current or the total number of
-electrons released is directly proportional to the intensity of the
incident light provided its frequency is greater than the thre-
shold frequency.

(¢) The velocity of the photo electron and consequently, its
kinetic energy cannot exceed certain maximum values which
-depend upon the frequency of the incident light and not upon
“the intensity of the incident light. The maximum kinetic energy

is proportional to (»-» ) where »  is the threshold frequency.

(d) If light of a given frequency can liberate electrons, the
emission of photo electrons is instantaneous. In fact, even for
-the lowest light intensities, the time interval between the incident
light on the metallic surface and the appearance of electrons is
no* more than 10-° second.’

The second and the third conclusions are also called the laws
-of photo electric emissions.

Exercise 5.2

Mention the important sources of electrons.
What is ‘thermionic emission ? 4
What are ‘thermions’ ?
What is ‘thermionic current ?
What is ‘Edison effect’ ? Describe an experiment o
. demonstrate ‘Edison effect’.
6. Describe Richardson’s experiment and show how it
. explains thermionic emission. .
9. What are the important conclusions of Richardson’s
experiment ?
8. Explain space charge saturation.
9. What is photo electric effect ?
"10. What are photo electrous ?
« .11, What is meant by photo electric current 2 .

Os e
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12, Write anate on the discovery of photo electric effect.

13.  Describe an experiment to study the photo electric effect.

14. Whar are the important conclusions drawn from photo
electric effect ? N

3.3. ATOMIC STRUCTURE
5.3.1. POSITIVE RAYS

When many physicists were investigating the properties of
the cathode rays, Goldstein designed a special dicharge tube and
discovered in 1886, a new type of rays called canal rays. A tube
designed to illustrate this discovery is shown in Fig. 5-15.

Fig. 5-15

Canal rays
In the figure, the cathode K is perforated and the anode 4 is
2 solid disc of aluminium. §is a flucrescent screen. At a pres-
sure of about 1mm. of mercury, a luminous stream behind the
cathode proceeding in a direction opposite to that of the
cathode rays, was observed, Goldstein called them canal rays
tince these rays, travelling in straight lines, in the opposite direcs
tion to the cathode rays, pass through and emerge from a hole
or canal in the cathode, - -
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When a beam of canal rays was deflected in & maghetic field,
he came to the conclusion that the rays consisted of positively
charged particles, Hence canal rays are more commonly known.
as positive rays.

ol

.
5.3.2. PROPERTIES OF POSITIVE RAYS

The positive rays are found to possess the following ptop;:r-
ties :
(i) They are composed of positively charged particles.
They move in straight lines with a velocity which is high
but less than that of cathode rays in the same discharge
tube.

(ii) They are deflected by electric and magnetic fields
but their deflection is opposite to that of the cathode rays.

(iii) They penetrate through some thickness of matter such
as aluminium foils.

(iv) They ionise the gas through which they pass.
{v) They affect photographic plates.

(vi) When these rays fall on fluorescent screens, they
produce tiny flashes called scintillations which can be
observed by a microscope  and

(vii) The colour of their luminosity depends upon the
nature of the gas inside the discharge tube.

5.3.3. ORIGIN OF POSITIVE RAYS

The existence of positive rays can be easily understood from
the general mechanism of discharge- We have already seen that,
in a discharge tube, the neutral atoms or molecules lose one or
more electrons (this process is called ionisation) and the resulting
atom or molecule is called a positive ion. There exist, therefore,
between the anode and the cathode, two streams of particles, clect.
rons attracted towards the anode (cathode rays) and the positively
charged atoms or molecules (positive ions) attracted towards the
cathode. Of these positive ions, the one which pass through the.
perforations in the cathode constitute the canal rays. As each
atom or molecule (+ ve ion) strikes the fluorcscent screen, a tiny
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" Hash of light is prodwesd. These tiny flashes which can be seen
individually in the field of view of a microscope, are called scintil-
Aations. If the cathode is not perforated, they simply strike the

- 'cathode and give rise to a faint glow at its surface.

The condition for the production of positive rays is the ioni-
zation at a low pressure in a strong electric field. The low pres-
sure prevents the positive ions from colliding too frequently with
other atoms or molecules. The strong field imparts the required
‘high speed to the positive ions 'inspite of their relatively heavy
Jmass.

%£.3.4. POSITIVE RAY ANALYSIS

Positive rays can be produced from molecules as well as -

" atoms, and can be used to obtain direct information as to the
Tnasses of individual atoms and molecules (not merely the average
“mass of a large aggregate of atoms as in chemistry ). Thomson’s
investigations on positive rays led to the development of a mass
-spectrograph for the separation and detection of atoms of diffe~
ent masses. Among other things, this led to the discovery of
‘various isotopes. The method is generally called positive ray
.analysis.

5.3.5. RUTHERFORD'’S EXPERIMENT
(CONCEPT OF THE NUCLEUS OF THE ATOM)

4i) Introduction

‘The scientists of the nineteenth century aecepted the idea that
-the chemical elements consist of atoms. But they never knew any-
“thing about the atoms themselves. The discovery of the electron
-and the realization that all atomns contain electrons provided the
-first imporant insight into the atomic structure. Electrons carry
-negative electrical charges, while atoms themselves are electrically
mneutral. Hence, every atom must contain enough positively char-
ged matter to balance the negative charge of its electrons. Fur~
ther, electrons are thousands of times lighter than whole atoms;
“this suggests that almost all of the mass must be associated with
the positively charged part of the atom.

{ii) Thomson’s Atomic Model

Following his experiments on positive ray, J.J. Thomson
was the first to give a model of the atom in 1904. According tc
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this model, an atom consists of 2 positively charged substance
(positive electric field) distributed uniformly in a sphere of atomic:
dimension, with negative electrons embedded in this continuous:
positive charge, like seeds in a watermelon or raisins in a pudding;
as shown in Fig. 5-16.

Fig. 5-16
Thomson’s atom medel

‘The electrons were assumed to be arranged inside the sphere-
in sach a manner that their mutual repulsion was balanced by
the attraction between them and the positive charge. The
number of units of positive charge was supposed to be equal to the-
number of electrons so that the 2:om could be considered as elec-
trically neutral. Though there are certain arrangements of elec-
trons in this model which could be in equilibrium (as shown by
Thomson), it isin unstable equilibrium. And of course this
imodel could give no indication for the regiflarity in the proper~
ties of elements which is displayed through the periodic table.

(iii) - Rutherford’s Alphe-ray Scattering Experiment

The most direct way to find out what is inside the atom was-
suggested by Ernest Rutherford, a New Zealand - born physxcmt
He gave the first correct description asto how the positive and
negative charges are distributed within the atoms. An experi-
ment on this aspect was performed by Geciger and Marsden in
1911, at the suggestion of Rutherford. They employed as probes,
the fast alpha particles spontancously emitted by certain radio--
active clements. s
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(Alpha particles catry charge equal to twice the electron
charge in magnitude but of positive sign, and have about 4 times
the mass of a hydrogen atom. We shall examiné their origin and
properties in more detail later).

The experimental set up is shown in Fig. 5-17.

/
// \\\

7

D
,//‘

Fign 5'17
of - particle scattering

Geiger and Mardsen placed a speck of alpha-emitting radio-
active material behind alead screen. The screen had a small
hole which allowed a narrow beam 'of alpha particles to pass
through. This beam was directed at a thin gold foil. A movable
zin sulphide screen which gives off a visible flash of light (called

scintillation) when struck by an alpha-particlé was placed on
the other side of the foil.

It was observed. that most of the alpha particles went
through the foil and most of them suffered only a small deflec-
tion (small angle scattering). But some particles were deflected
through large angles, some of them even being thrown almost
directly backwards (large-angle scattering).
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"The scattering (or deflection) of alpha particles is caused by
the repulsive electrical forces existing between the alpha parti-
cles and the positive charges of the atoms in the scattering mate-
rlal. There is also an electrical force of attraction between the
electrons (negative charged) of the scattering material and the
alpha particles (positively charged). But, since the mass of elecs
trans is extremely small compared with that of alpha particles,
the electrons do not cause appreciable deflection of the alphae
particles during their passage through the scatterer, Hence the
deflection of alpha particles is caused mainly by the action of the
positive charges of the large number of atoms of the scatterer,

{iv) Rutherford’s Nuelear Model of the Atom '

Now if the positive charge of the atom Iy spread over &
spherical volume of radius R, it exerts the maximum repulsive
force an the a-particls, equal to 2 Ze%/R, when the latter just
reaches the surface of the sphere. (Once the Jl-particles pene.
trate into the sphere the force begins to decrease). Rutherford
was able to see that if the charged sphere has the same size as the
atom itself (i.e., R= atomic radius =s 10-'°m ) then this force
is not sufficient at all to produce the large angle scattering seen
in the Geiger-Marsden experiments.” To make the force strong
enough to produce such numbers of large-angle scatterings as
observed, it was found necessary to assume that R is extremely
small compared to the radius of the atom itself. That is to say,
the whole positive charge (and mass) of the atom must be con-
centrated in an extremely small central region. Rutherford
named this central region the “‘atomicn nucleus™. Later experi-
ments have shown that the radius of the nucleus is of the order
of femtometre (femto-10=2%m)

If all the positive charge is concentrated in a small region
(about 10-'* m radius), then the atom as a whole, having a
radius of about 10~'°n must be practically empty (space
occupied only by the atomic electrons—these electrons being
mere specks in this vast space). It is now easy to see why most
of the alpha particles went straight through the thin foil. Since
many of the alpha particles do not get too near the nucleus, they
are deflected only by small angles. Only asmall numper of
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particles approach the core of the atom {nmuéleus) and they are..
deflected at large angles. Thus Rutherford was able to explain
both the large angle scattering and small angle scattering on.

- Fig. 5-18 -
* Ratherford’s nuclear atom moédel

N S

the basis of his model, known as Rutherford’s nuclear atom:
model. This is shown in Fig. 5-18. The deflection of the alpha
particles on this model of the atom is sketched in Fig. 5-19.

Fig. 5-19
Scattering of ol - particles by a nucleus

o
On the basis of his atomic model, Rutherford afrived at a.

formula, describing the scattering of alpha-particles by thin foils
that agreed with the experimental results. He is therefore credit-
ed with the discovery of the nucleus. Though the model was un--
animously aceepted, this was not free from drawhacks. One

X
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serious drawback concerns the stabiiity of the atom, Sinee the
electrons are negatively charged and thé nucleus is positively
charged, there is an electrostatic force of attraction between the
electrons and the nucleus, with the result that the cleotrons will
fall into the nucleus, thus destroying the stable structure of the
atom, The difficulty was gvercome by Neils Bohr who suggested
that the electrans revolve round the nucleus in specified orbits,

§.3.6, CONSTITUENTS OF NUCLEUS

The composition of the atomic nucleus itself was finally nndep.
stood in 1932, when James Chadwick,an assaciate of Rutherfird,
discovered a new particle, which was named “mewtron”. It way
then established that the central nueleus is composed of two kindy
of elementary particles called the protons and the neutrons, The
proton is the nucleus of the hydrogen atom, and carries a single
unit of positive electric charge. The atomic electrons move
round this nucleus in specified orbits.

For example, the ordinary hydrogen nucleus is composed of
only one proton. Since the mass of the electron is negligibly small,
the mass of the hydrogen atom is very nearly the same as that of
the hydrogen nucleus. Consider now a helium atom. Its mass is
close to four times the mass of the hydrogen atom.

Hence the nucleus of helium has 2 protons and 2 neutrans,
The helium atom has 2 electrons and the negative charge of these
electrons is balanced by the positive charge possessed by the 2
protons inside the nucleus. This makes the atom neutral since
neutrons are electrically neutral. In general since : the atom as a
whole is electrically neutral in its normal state and the charge
carried by the proton is numerically equal to that of an clectron,
the number of protons in the rucleus must be equal to the number
of extra-nuclear electrons, since the neutrons are electrically neu-
tral. ‘The number of protons in the nucleus is called the atomic
number Z. This is also equal tothe number of extra-nuclecar
electrons in the neutral atoms. The sum of the masses of the pro-
tons and the neutrons in the 1 ucleus is called the mass number 4.
These two numbers, viz., Z'and A characterise a nucleus. The
pumber of neutrons in the nuilcus is equal to (4 )2,
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839, 150TOPES

The atomic weights of most elements are very elose to
integers and this fact led Prout to suggest that all atems are
bullt of hydrogen atoms since the atamic weight of hydrogen iy
very nearly 1, However, it was shown later that the atomig
weight of certain elements like neon (20°2) and ehlorine (3$:5)
are not whale numbers (integers), The reason for the departure
from the general rule in these cases was discovered by Thomson,

In 1912, Thomson in comparing the mass of neon atoms
with the known masses of other elements, discovered that there
were two types of neon atoms, onc of mass 20 and anather of
mass 22 (measured in units equal to one sixteenth of the mass of
#n oxygen atom), Because these two kinds of atoms exist as a
mixture (90% of which have a mass 20 and 109, a mass of 22 in
naturally eccurring neon), their atomic weight, when measured
by chemical methods, is :found to be their average value, 20°2,
It was impossible to separate these two kinds of atoms by any
chemical means, as they have identical chemical properties.
Soddy gave the name *“isotopes’ to such atoms which have
identical chemical properties but differ in their atomic masses.
The atoms of different isotopes of the same element have the
same atomic number Z but different mass number A, i.e. the
isotopes of an element have the same number of protons in the
nucleus but different numbers of neutrons. They also have the
same number of electrons (equal to Z) revolving round their
respective nuclei. This is necessary for the atom to be neutral.
8ince the chemical properties are determined by the number of
electrons in the atom, all isotopes of a given element have the
same chemical properties. The equipment used to distinguish
the different isotopes is known as a mass spectrograph.

It separatés the different isotopes by making use of the differ-
ence in their masses caused by the different numbers of neutrons
which they contain. =

The atomic weight of any element as determined by chemi-
cal means is the average weight of all the isotopes of the element
weighted according to their relative abundance in natyre and
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expressed in atomic mass units (a.m.u.) The atomic mass unit 18
defined as one sixteenth the mass of one atom of the most abune
dant oxygen atom ,0'% (|l a.mu. = 166 X107 kg).

Recent developments in mass spectroscopy have made it pose
sible to detect exceptionally rare isotopes. In neon, for examplé,
an isotope of mass number 21 has been found making three in
al.l, with their relative abundance (the percentage availability of
different isotopes in nature) given in the following tabls,

Isotope Abundance

Ne*® 9092

Net - 026

Ne* 882
RN

They are represented as follows s ‘
1oVe®° isotope consists of 10 protons and 10 neutrons.
1oNe®* isotope consists of 10 protons and 11 neutrens,
yolNe22 isotope consists of 10 protons and 12 neutrons,

Similarly Aston used his mass spectrograph for chlorine (ato-
mic weight 35:46 and showed that there were two kinds of chlo-
rine atoms of mass 35 (75:4%) and 37 (24'6%,). Since the
atomic number of chlorine is 17 for both, it follows that:

1,CI%® consists of 17 protons and 18 neutrons. .

yCI®7 consists of 17 protons and 20 neutrons.

Hydrogen has 3 isotopes of mass number 1,2 and 3, The
ordinary hydrogen nucleus consists of just 1 proton. The hydre-
gen with nucleus of mass number 2 (i.e. 1 proton + 1 neutron)
is called heavy hydrogen or deuterium and, was discovered by
Urey in 1932, The water made from heavy hydrogen is called
heavy water. A thirdi sotope of hydrogen having a mass number 3
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{1 proton + 2 neutrons) has been discovered and is ealled tritium,
They are represented as H!,H?® and H? respectively.
Thus many of the elements of the perledic table consists of
several isotopes. Mercury and xenon have 9 isotopes each. Tin
" has the largest of 11 isotopes, Fluorine, aluminiur, gold etc. pos-
#cee only one isotope cach,

L
2
3
4
S

6.
T

11,
12,

13,
14.
15.

16.
17
18.

Exerisec 5-3

What are canal rays ?
How are cangl rays produced in ¢ canagl ray tube ?
Mentian the properties of canal rays,

How are positive rays produced ?

Mention the circumstances under which positive rays will
be produced,

What is a mass spectrograph ?

What important discovery was made using a mass spectro
graph ?

Explain Thomson’s atom model. - What are its defects ?

- Describe Rutherford’s experiment on the scattering of

Alpha rays.
Explain how Rutherford, f atom model satisfactorily ex-

- plainy small and large angle scattering of alpha parti- .
 cles,

What is “nucleus’® ? Who discovered it ?

What is the defect of the Rutherford's atom model ? How
was it overcome ?

What are the main constituents of the nucleus ?
In normal state , explain how an atom is newtral.

What is meant by (i) atomic number (ii) mass mumber
(iii) atomic weight ?

What are isotopes ? Who discovered them ?
What is meant by ‘relative abundance’ ?
Describe the isotopes of neon chloring and hydrogen,
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‘ 19.  Which element has the largest number of isotopes ? How ‘
many isotopes does it have ?

20. What is heavy water ?

21, Who suggested the name ‘isotope® ?

22.  Define the unit of ‘atomic mass.’

23, Mention some elements which have only one isotope,

5.4, RADIO-ACTIVITY
5.4.1. INTRODUCTION “

Radio-activity is an importani fuclear phenomenon. It is
the spontaneous disintegration or decomposition of atomic nuclei
and is almost entirely confined to the heaviest elements of atomie
number 83 and above. In 1896, Becquerel discovered that a
heavy element like Uranium ¢atomic number 92) emitted some -
kind of highly penetrating rays, This phenomenon came to be
known as radio-activity. The emission of these rays is spontas
neous in the sense that it occurs naturally (in its own accord) and
is unaffected by external agencies, whether physical or chemical,

Perhaps no single phenomenon has played o significant a
role in the development of both atomic and nuclear physics as
radio-activity,. A close analysis of natural radio-activity has
also given very precious information about the structure and -
stability of the core of the atom viz, the nucleus, From the
study of these unstable and self-disintegrating nuclei, our know-
ledge of the nucleus regarding its constituents, thelr relative
disposition and interaction has greatly improved.

5.4.2. DISCOVERY »

The discovery of radio-activity, like many other wonderful
discoveries, was purely accidental. It was discovered in 1896 by
the French Physicist, A. Henri Becquerel. He attended a meet-
ing of the French Academy of Science, in January 1896, when
the effects of the newly discovered Xerays by Roentgen were
demonstrated. . It was stated at the meeting that X.rays appeared
to originate in the Juminescent spot produced where the cathode
fays impinge on the discharge tube. He, at onge, set himself to the

Phywld
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task of discovering some connection between X-rays and the tumi-
nescence which is the ability of certain substances to transform
ultraviolet radiation that falls on them into visible light. Bec-
querel collected various minerals that he was going to use for his
studies. He left them wrapped up in a paper in a drawer. It so
happened that in the drawer there were some photographic

plates covered by black papers that did not allow sunlight to pass
through it.

One day, Becquerel used some of the photographic plates
kept in the drawer in order to photograph something. When he
developed the plates, he was disappointed to find that they were
badly fogged as if previously exposed to light. A check on the
other plates in the drawer also revealed the same condition, It
became very difficult for him to understand the cause for the
mishap of these photographic plates inspite of the fact that all
the plates were wrapped in thick black paper and were kept in a

_sealed box. He guessed that it could have something to do with
" one of thie minerals in the drawet.

Being of inquistive mind, Becquerel investigated the situation
by performing a series of experiments. He finally showed that
the uranium ore which he kept in the drawer emitted, even in
the dark, some kind of radiations, which penetrated the paper
wrappers and affected the photographic plates. These radiations
were called Becquerel rays. The ability of uranium compounds
to emit Becquerel rays, rapidly brought this element to a pro-
minent position in Physics.

Becquerel’s discovery attracted the attention of the Polishs ,
born Madame Curie herself and her husband, Pierre Curie,
who tried to discover some mare substances which could give out
Becquerel rays. In July 1898, the Curies succeeded in isolating
from bismuth a strongly radio-active element which they named
Polonium, in honour of Poland, the mother country Madame Curie.
In December 1898, the Curies discovered the most important of
all the radio-active elements, which they named radium.
Radium was found to be a million times more radio-active
than uranium. The study of radio-activity carried on by
many investigators led to the discovery of many other radigs
active elements such as raden, therium, actininm, gtc.
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5.4.3. SEPARATION OF BECQUEREL RAYS

The radiations emanating from a radio-active element can
be easily separated by making use of their different penetrating
powers; but deflection methods are much better for their separa-
tion. Rutherford and his co-workers discovered that the
Becquerel rays were composed of three quite different kinds of
radiation. The experimental arrangement is shown in
Fig. 5-20.

A small hole is drilled in a lead block. A small speck 6
radio-active material is placed at the bottom of the hole. 'This
Produces a narrow beam of rays emerging from the top of the

(a) (b)
4 : N
- 44
® [
- o » *
[ " < M
o, *‘ V
T
L3 ‘7)";‘38? t
H Fig, 8-20 "

(a) separation by magnetic field (into the paper)
(b) separation by electric field
block, since rays entering the walls of lead are absorbed before
reaching the surface. A strong magnetic field (H) is applied
normal to the plane of the diagram, into the paper. The single
beam will be separated into three groups as shown in Fig, 5-20(a).

The paths of some rays are bent to the left, some to the right,
and some not bent at all. The same effect is exhibited when the
rays are subjected to an electric field between a pair of plates, as
shown in Fig. 3-20 (b). Paths bending to the left indicate
positively charged particles called alpha part§cles or alpha rays
(ol rays or particles); those bending to the right indicate negas
tively charged particles ,called beta rays or beta particles (8 rayt



213

or particles) and those going straight ahead possess no charge

and are called gamma rays (y-rays).

5.4.4. PROPERTIES OF ALPHA, BETA AND GAMMA
RAYS :

A. PROPERTIES OF ALPHA RAYS

(i) Alpha rays are composed of doubly ionised helium
atoms i.e., helium atoms with both their electrons removed.
Such particles are nothing but helium nuclei. They carry two
units of positive charge (-+2¢) and have a mass four times that
of hydrogen.

(ii) They are ejected with a speed from one-tenth to one-
hundredth of the velocity of light.

(iif) They have great ionising powers

(iv) The penetrating power of these rays is small; even a
thin cardboard is able to stop most of these rays.

(v) 'The range of an {-particle in air is defined as the dis-
tanee it will travel through dry air at normal atmospheric pres-
sure and temperature. The range of o[-particles varies from
about 26 cm. to about 8+ cm, for different radio-active
elements.

(vi) Glasses, crystals and minerals change colour and glass
becomes brittle when subjected to irradiation by an intense beam
of alpha rays, -

(vii) They affect photographic plates.
feld (viii) They are deflected both by magnetic and electric

elds.

(ix) They can produce artificial disintegration (induced
radio-activity) of nuclei.

(x) They produce scintillations (tiny flashes of light) when
they fail on certain materials like zinc sulphide.

B. PROPERTIES OF BETA RAYS

(i) B-rays are composed of negatively charged particles;
actually they are electrons.

(ii) They move faster than alpha particles, some of them
travelling with a velocity as high as 97% of the velecity of light.
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(i) “They have a smaller ionising power than the aipha
particles, smaller by a factor of about 100,

(iv) They are more penetrating than alpha particles, and
their range in air is usually quite large.

(v) Theyare deflected by both electric and magnetic fields.
~C, PROPERTIES OF GAMMA RAYS

(i) y-rays are electromagnetic waves like X-rays and light,
but have wavelengths even shorter than those of X-rays. They
travel with ghe velocity of light, of course.

(ii) They are unaffected by electric and magnetic fields.

(iii) They have very little ionising power, -the reason being
that they carry no mass and charge.

(iv) Their penetrating power is very great. They can
penetrate several centimetres of lead without being
absorbed,

(v). They produce fluorescence.
(vi) They affect photographic plates.

(vii) They can be reflected from the surface of a crystal at
certain special angles, in the same way as X-rays are
reflected.

5.4.5, LAW OF RADIO-ACTIVE DISINTEGRATION
A. DECAY CONSTANT

It has been observed that the nuclei of the atoms of any
radio-active element are unstable and that radio-activity consists
in the expulsion of a particle (f or §) or electromagnetic energy
(y) from the nucleus. Radio-active nuclei are like loaded ‘guns
ready to go off at any time, but unlike the case of the gun, there
is no way of controlling or predicting the time at which an indi-
vidual nucleus will disintegrate. The nuclei of the various
atoms of a sample of radio-active substance. undergo decay at
random times. However, for a given radio-active substance, the
rate of decay (i.e. the number of nuclei which disintegrate. per
second) is proportional to the number of radio-active nuclei present
at that instant,
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1f N'be the number of radio-active atoms at any instant
then the rate of disintegration is proportional to N.

. daN -
1, €, == T N ¢

dN

or -a-t--"-'—}\N

where )\ the:constant of proportionality is called the decay con-
stant or disintegration constant. (Its value depends upon the
disintegrating element).

Let the number of radio-active atoms present initially (at
time ¥=0) be N,. Then, the number of atoms which remain
intact (not decayed) at some later time ¢ is given by

N e= N‘,e‘x"
Here ¢ is the base of natural logarithms (2=2-718) and the
nAt

function ¢
X e 1+ “ + 21 -4 3! 4 s

is the eXponential function,

It hagthe property that its derivative is equal to itself,

Y
Using this property it may be verified that equation N=N,e A

_ . dN
leads to the equation “= = AN

The equation N = Nge  gives the exponential law of radio

active disintegration. The function P ;\‘ is a rapidly

de;lreasing function, whose value goes down as in the following
table :

t lo| L 2 3 4
A A A A
- xt ; A
e 1. 0368 0:135 0-050 0-018
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1t follows then from the equation N = N e A that
NO

So the decay tonstant, )\ is seen to be the reciprocal of the time
taken for the radio-active atoms to get reduced to a fraction (I]e)
of their initial number. Hence, )\ is expressed in the unit of
sec=?

at? = I\, N = Nye-t =

Nof2
Nojp $ == woe=
Noj/j
N
i 4N 2 * ‘%-—n
T a2t 3T 4
Fig. 5-21

Variation of number of radio-active nuclei with time

The manner in which N decreases with time is shown gras
phically in Fig. 5-21. :

B. HALF LIFE PERIOD

According to the exponential law of disintegration an
infinite time is required for the activity to disappear completely.
This is true of all the radio-active elements. Hence, in order to-
compare the activity of one radio-active substance with another,
a qnantity known as the half-life period or simply period (T)
is often used. .

The half-life period (T) is defined as the time in which the
number of undecayed radio-active nuclei, and hence_the rate of
radio-active disintegration, are reduced 1o half their original values,

Weknow N = Npe'Af . -
When ¢ = T, NETN‘”



N Y
-—2-2—" Nee A
or -% = e"AT
ie e>‘T -2
Hence \T = log o2 = 2:303 log ,,2 = 0:693

0.693

ol = —=X

T is therefore inversely proportional to )\ i.e. if N\ is very
small, T is very Jarge and vice versa. The period T is a charac-
teristic constant of the disintegrating substance, like \. Hence
it can be used to differentiate the various radio-active elements.
For example, T for radium is 1590 years while for radon, it is
only 3-8 daya,

The statement that 2 certain radio-active element has 2 half
life of 5 hours, signifies that every nucleus of this element has a
509, chance of decaying in any 5 hour period. This does not
mean a 1009, probability of decaying in 10 bhours. A half life
of 5 hours implies a 75%, probability of decay in 10 hours (50%,
in first 5 hours 4 50, of the remaining nuclei in another 5 hour
period i.e. 25%=total 509, 4-25%3=75%). This increases to 87°59)
in 15 hours (i.e. 50%+25% ~+ 12:5% = 87:5%,) to 93:75%, in 20
hours {509, +25% + 12'5%, + 6259, = 93-759,) and 50 on since
in every S hours interval, the probability is 50%.

C. UNIT OF RADIO-ACTIVITY

The degree of radio-activity of a sample of a substance is
¢vidently determined by the number of radio-active atoms which
disintegrate per unit time. It is customary to express the radios
activity in terms of the curie and its sub-multiples, the millicurie
(mg'i) and microcurie (LCi). 'They are defined as follows :

1 curie = 3:7X10'? disintegrations/sec.

1 mCi = 10-* curie = 3:7x 107 disintegrations/sec.

1 pCi = 10-° curie = 37X 10* disintegrations/sec.
The curie Is a unit of radio-activity and is defined as the quantity
of any radiowactive element in which the number of disintegrations
ber second is 3'7 X 10
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$.4.6. DISPLACEMENT LAW AND RADI0-ACTIVE
SERIES

A, INTRODUCTION

Rutherford and his colleagues discovered that when a radios
active nucleus disintegrates into an alpha (or beta) particle and a
new nucleus, (the latter is ofien radig-active) sooner or later,
¢jects a particle and thug gets converted into the nucleus of yet
another element, This process is continued through a series of
clements, ending up finally with a type of atom that is stable and
-non-radio~active. Such a chain of disintegration process is known
88 a radio-active series.

In each decay, the original atom is known as the parent and
the new atom formed after the emission of an ¢ or 3 particle is
called the daughter. It is now known that nearly all natural
disintegration processes finally end up with stable lead atoms of
atomic number 82, A law which governs these radio-active
changes was discovered by Soddy and Fajans in 1913, This is
known as the displacement law in radio-activity,

B. DISPLACEMENT LAW

The law may be stated as follows : (i) In all known radio-
active transformations, either an alpha or a beta particle is emitted
by the atom. Both are not emitted simultaneously nor are two
particles of the same kind emitted simultaneously by the same

atom.

(ii) When an alpha particle is emitted, a new atom is formed
whose mass number is less by four units and atomic number less
%y two units than in the case of the parent atom.

(iii) When a beta particle is emitted, the new atom Jormed
has the same mass number but the atomic number is increased by
one unit.

This law can be readily understood since the alpha particle,
identified with the helium nucleus has mass number 4 and
atomic number 2, while the beta particle, identified with the
clectron has unit negative charge but has negligible mass.
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Por example, uranium with atomic number (Z=92) and
mass number 238 (4 = 238) emits an alpha particle (atomic num.
ber 2 and mass number 4) and the daughter must therefore have
atomic number 90 and mass number 234,

This element with Z=90 is thorium, This is summarised
in the following equation: :

0aU 30 mmp  TH3% 4 He* (alpha particle)

1f the parent is a beta emitter, the atomie number of the
daughter must be one higher than that of the parent since the
beta particle {s an electron possessing negative charge (Loss of
a negative charge is equivalent to gain of a positive charge). Fure
ther, the electron is so light that the mass number of the parent
and the daughter are the same. For example. o,7h"* the
daughter of ,,U%%%, is a beta emitter. The daughter of ,,Th"*
must have atomic number 91 and mass number 234, This new
element is called protoactinium (Pa). This is summarised a3
follows: )

poTH8%*—s , Pa?%* 4 _ e° (beta particle).

It may be noted that in the above equation, the following
rules known as Rutherford-Soddy rules, are satisfied.

() The total electric charge (atomic number) or the alge-
braic sum of the charges before disintegration is equal to'the total
electric charge after the disintegration.

(ii) The sum of the mass nnmbers of the initial particles is
equal to the sum of the mass numbers of the final particles,

C. RADIO-ACTIVE SERIES

We have seen that in natural radio-activity, a succession of
radioactive transformation takes place forming radio-active
series. With the help of the displacement law, one can determine
easily the masses and the atomic numbers of the different elements
in the series, provided the mass and the atomic numbers of the
original parent are known. Most of the radio-active elements
found in nature are members of four radio-active series. They
are the arapium, thorium, actinium and neptunium series. In
all the series, a parent element of large atomic mass and very
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. long life gives rise to a series of radio-active elements as a result
of successive emission of alpha or beta particles, The transformas
tion may be represented, in general, by expressions of the form ;

A A4

d Tt
A A

4 - 2+9 + B

Here Z is the atomic number and A {s the mass number, ¥ is an
elpha emitter and P iz a beta emitter, ¥ and Q are daughters.
They are “themselves radio-active if they have atomic numbers
greater than 82, the atomic number of lead.

The table gives a list of names of the four *important radio-
active series, the parents and their half-lives, and the stable
daughters which are the end products of the series. The half life
of neptunium is so short compared with the estimated age (about
10'® years) of the universe that the members of this series are
not found in nature today. They have, however, been produced
in the laboratory, by the neutron hombardment of other nuclei.

Table
FOUR RADIO-ACTIVE SERIES

Series Parent Half-life in pears |Stable exd product
Thorium oo Th 232 1.39x 10 g Pb08
Neptunium | 4, Np %7 2.25 x 10° o3 Bit*®
Uranium g U 3 4.50 < 10° 0 PO
Actinium oq U 338 7.07 x 10° 8o PD*°7

In thorium, uranium and actinium series, the end product
is an isotope of lead. In neptunium series, the end product is
+3Bi%°°,  The study of these series is jmportant since it not
only brings out the sequences in the formation of the different
radio-active elements but also leads to the knowledge of the exis-
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tance of isotopes, The discovery of isotopes among the natural
radio-active elements was in fact the starting point in the search
for the isotopic constitution of stable ¢lements,

$.4.7, AGE OF THE EARTH

Among the many important applications of radio-activity,
the one that we consider here is the estimation of the age of the
earth, The decay of radio-active elements and its complete inde-
pendence of physical and chemical conditions give us an
extremely valuable method for estimating the age of the earth, -
This can be determined from the following considerations: '

The uranium series of radio-active elements begins with
o9 U 7% whose half-life is 45 giga years (1 giga=10° years) and
whose decay constant is less than one thousandth of that of any
other element in the series until we come to Pb?°®, This lead iz
stable having an infinite half-life (decay constant zero). This
means that, after a giga years or so, the only element present in
any appreciable concentration will be uranium and lead. The
decay of the first element (uranium) and the last (lead) is repre-
sented by the following equation:

Nep = (Nohu (l-e -Au*’)

Here Ny, is the number of lead atoms present now, having been
formed by the decayof uranium; (N,), is the number of
uranium atoms present originally and )\ y is the decay constant
of uranium.

U®®® ore always contains Pb?°® because the lead is the end
element of the uranium radio-active series. Itis reasonable to
assume that this is the only reason for the presence of lead since
there is no other compelling reason why uranium and lead should
be found together. It follows that the present number of lead
atoms plus the present number of uranium atoms must be equal
to the number of uranium atoms originally present or

pr+Nu' (NoJu
! The present concentrations of Pb%°¢ and U*® canbe
measured experimentally. Substituting this in the previous equa-
tion we get

New = (Ngort Ng) (1=e ™)
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* Knewing N‘ph, N, and ), the age of the earth 't' may be
caleulated, This ¢ ¢’ is the time that has passed since the earth
solidified and the orlgmal packet of uranium was sealed 1in the
rock.

There have been many assumptions in our argument, but
they are justified by the fact that the above equation has been
applied to many ore samples from different parts of the earth
and the results have consistently shown its age to be about
410% yearss

WORKED EXAMPLES

1. Tritium (H’ has a half-life of 125 years against beta
decay. What traction of the sample will remain un-
decayed after 375 years ?

To begin with, let there be | gram of |H®. After 12'5
years, the fraction left undecayed 1s 4.

After 25 years, the fraction left undecayed =} x}=4.
After 37-5 years the fraction left undecayed =4 x} =1}

o5 The fraction of the sample left undecayed after 375
years s 3.

2. The half-life of ,,Na®* is 15 hours. How long does it
take for 93-75%, of a sample of this isotope to decay?
Let there de 100 gms. of |, Na** in the beginning.

The amount decayed in the first 15 hrs = } X100 =50 gms.

+» The amount decayed in the next 15 hrs = 4% 50 =25 gms.
The amount decayed in the next 15 hrs = %x 25 =125 gms.
The amount decaved in the next 15 hrs = }x12:5=6'25gms.
Hence, the amount decayed in 60 hrs =93-75 gms,

The time taken for 93:759, of the sample of the isotope
11 Na** to decay is 60 hours. |

3. The half-life of thorium is 13:9X%10'° years. Calculate
the decay constant of thorium.
Gwcn T-l 39 10'° years

L 1739104 X 365X 24 X 60 X60 sccs,
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0-693

We know \ = —=—

T
\ 0693

X = T35 x 10 x 365 X 24 %60 X 60 °
X =1"581 x 10— sec-!

o The decay constant of thorium is 1-581 x 10-1% sec-!

P

1s

4,

10.
11,
12.

13,
14,

15.

6.
17,

Exercise 5.4

What is radio-activity > Who discovered it ?

What is meant by spontaneous disintegration ?

Explain the circumstances under which radio-activity was
discovered.

What are the radio-active elements discovered by Madan.e
Curie and Pierre Curie ?

State the components of Becquerel rays.

Describe the deflection experiment for the separation of
Bequeral rays.

What are alpha, beta and ganuma rays.

State the properties of (i) alpha rays (ii) beta rays and
(iii) gamma rays.

What are the relative ionising powers of the different
rays ?

State and explain the exponential law of radio-active dis-
integration.

Define decay constant and half-life period. Derive the
relation between them,

What is the meaning of the statement that a radio-active
element has a half-life of 5 hours ?

State and define the unit of radio-activity.

What is the radio-active series ? Who are parents and
daughters in a radio-active series ?

What is the stable end product of a rad:o-actzve series ?
What is its atomic number ?

~

Enumerate the displacement law.

What change takes place in the nucleus of an atom when
an ¢lpha particle is emitted ? Give an example.
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18. What change 1akes place in the nucleus of an atom when
a beta particle 1s emitted ? Give an example.
19. State Rutherford-Soddy rules ta be satisfied in a radio-
active transformaiion.
20. Give a brief account of the radio-active series bringing out
v - its significance. ,
21, Explain how the age of the earth can be estimated [rom
radio-activity studies.
PROBLEMS
1. The half-life of radon is 3:8 days, Calculate its decay
constant.
2. The half-life of radium is 1600 years. Calculate its decay
constants:
3. The isotope 4,U* ‘mdergoes two successive beta decays.

3.

What is the resulting isotope ?

The isotope, U successively undergoes eight alpha
decays and six beta decays. What is the resulting
isotope ?

The half-life of 2 radio-active sample is 20 minutes.
What fraction of this sample will remain undecayed
after 80 minutes?

The half-life of a radio-active sample is 30 hours. How
long does it take for 87°59, of the sample 10 decay ?

The activity of a radio-active sample is 11-1x10'® dis-
integrationspcr second, Express this in Curie, milli

‘Curie, and micro Curie, 5. .

The disintegration constant of a radio-active sample is

« ™ 1528 second. Calculate its half-ife.



6. ELECTRONICS AND INSTRUMENTS

6.1. CONDUCTORS

6.1.1. INTRODUCTION

The rate of flow of electric charges is known as the electric
current. To cause a flow of charges, a potential differenence has
to be applied. The current caused by such a potential difference
is governed by Ohm’s law which states that the current flowing in
a given wire, at a given temperature, is proportional to the potential
difference to which it is subjected.

Some substances allow electricity to flow freely through them
when a potential difference is applied while some others do not.
The former substances are called conductors and the latter insu-
lators. The ratio of the potential difference applied between two
points of a conductor to the current caused by it, is called the
resistance of the conductor. Good conductors like metals. offer
very little resistance while insulators like wood, rubber, paper,
glass offer very high resistance.

6.1,2. RESISTANCE

The resistance of a conductor at a given temperature depcnds'
upon the material and its dimensions, The resistance is directly
praportignal to the length.and inversely proportional to the area
of cross section of the wire. For most conductors the.resistance
increases with .temperature. For some materials the resistance
decreases as temperature increases.

. —:E:'x;r:fse 6; '
1. What is an electric curremt ? ; :
2. State Ohm’s law.
_ 3. Define the resistance of a conductor,
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6.2.1. RESISTORS '

In electronic circuits, conductors with different specific
values of resistarices are needed. These resistors, as they are
called, are of different types. Some are made by ,winding wires
over a porcelain tube, the ends of the wire being fixed to two
terminals (Fig. 6-1). Sometimes these are provided with some
taps as shown in Fig. 6-2. So that it is possible to obtain differ-
ent values of the resistance. 'Resistors with very high resistance

are used in circuits to control the amount of current flowing in a
‘circuit.

Fig. 6-1

‘ Fig. 6-2
Resistor with tapping terminals

Another kind of resistor is what is usually called the carbon
resistor. It is a compressed mass of some form of carbon or
graphite mixed with a binder such as clay, bakelite or sometimes
rubber. The value of the resistance is determined by the size of
the resistor as well as the proportion of carbon to the rest of the
substance.

The flow of current through a resistor heats it up and unless
this heat is dissipated, the resitor has a limit to the current it can
carry. It is expressed in terms of the power (in watts) concerned
and it is called the wattage rating of the resistor. For example a
10 watt resistor can carry approximately three times the current

Phy-1$



226

which a 1 watt resistor can. The wattage rating depends on the-
surface area of the resistor as a larger surface permits a faster
dissipation of heat.
6.2.2. COLOUR CODE FOR RESISTOR

To enable the resistance of a resistor to be recognised quickly
and easily, a colour code is generally marked on it. In the old
convention the whole of the resistor and one of its ends were
coloured with a coloured spot in the middle of its body. In the
new convention there are three coloured rings marked from the

left end of the resistor. The meaning of the conventions are
shown in Table 6-1.

Table 6-1 Colour code for resistor

Value of the resistance
Convention | rirst digit | Second digit | NO; 9F zeroes
Old Body colour | End colour Dot colour
New First ring Second ring Third ring
from left

The numerical values corresponding to the different colours
are given in Table 6-2.

Table 6-2 Values of colours

Colour Value
Black 0
Brown 1
Red 2
Orange 3
Yellow 4
Green 5
Blue 6
Violet 7
Grey ]
White 9




27

It is very difficult to make. carbon resistors of exact values,
The specified values are, therefore,subject to variations, called the
tolerance of the resistor. Manufacturers specify the amount of
variation by means of aring in addition to the coloured rings
mentioned above. Thus, 2 gold ring indicates a two percent
tolerance and a silver ring denotes a § percent tolerance. Absence
of cither of these generally indicates a 10 percent tolerance.

Exercise 6.2

1. What is meant by ‘wattage rating’ of a resistor ?
2. What is meant by the “tolerance’ of a resistor ?

6.3 CAPACITORS

A capacitor is a system of conductors, usually two, between
which a potential difference can be maintained. Therefore, prac-
tically all pairs of conductors in existence must be capacitors. In
practice, we usually mean two insulated conductors which can be
arranged so close to each other that they can be charged to
different potentials and thereby an electrostatic field established
in the insulating space between them. The insulating material
between the two-conductors is generally a dielectric.

Capacitors commonly available today are of different kinds,
sizes and shapes. The most common type is the paper-capacitor
which is used commonly in most electronic circuits. Two long
strips of tin foil are glued to the two faces of a strip of thin
paper. This is then soaked in paraffin or oil and rolled up with

« another paraffin soaked strip of paper into a small compact unit.
The tin foil is the conductor and the paper is the dielectric sepa~
rating them.

Mica is one of the best materials used as a dielectric in a
fixed capacitor. A familiar form consists of alternate plates of
tn -foil and mica kept in a metal or bakelite case which is filled



with wax. Alternate plates are connected together in two sets
to form the two terminals {Fig. 6-3).

irg
mica <_| > 1IN

Fig. 6-3
Thin places of tin and mica rolled into a capacitor

The electrolytic capacitor receives its name from the fact
that the dielectric is a thin film of corroded aluminium formed
on the surface of an aluminium foil conducting plate by electro-
lytic action. The value of a capacitance will be directly
proportional to the area of the plates and inversely to the distance
between them. In the case of electrolytic capacitors the thick-
ness of the dielectric can be extremely small and so, large values
of capacitances can be realised. The positive and ‘negative ter-
minals are marked on the capacitor and this has to be strictly
adhered to. This also means that this capacitor should not be
used in a circuit where alternating voltages are involved.

Variable capacitors are necessary in a tuning circuit as in
radios. Several plates are kept separated by air and alternate pla-
tes are connected together in two separate sets. One set of plates
can be moved between the other set by turning a knob and this
changes the effective plate area and hence the capacitance of the
capacitor.

A capdcitor is generally used to allow only alternating cur-
rents to pass through and block direct current. 1t is also used in
controlling alternating currents of different frequencies, and in
oscillatory circuits,

Exercise 6.3
What is a capacitor ?
Explain the construction of a paper capacitor.
Why is the electrolytic capacitor called so ?
What are the uses of capacitors ?

R
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6. 4. INDUCTORS

6.4.1. CHOKES AND TRANSFORMERS

We have already seen that an inductor offers. resistance to
alternating currents. A coil forming a partof a circuit primarily.
by virtue of its inductors is commonly referred to as an inductor.
An inductor has the property that it offers a low resistance to the
direct current and a high resistance to the alternating current.
Since the power wasted in a circuit depends upon the resistance
to d.c, an inductor has a low wastage of power. A choke is an
inductor with a high inductance and low resistance. This is
to control alternating currents with as little wastage of power as
possible. The inductance of an inductor can be increased by
winding it on a core of a magnetic substance like iroif.’ Thui '
inductors of high inductance usually have magnetic cores, '

A transformer is a device which converts a large alternating.
current at low voltage to a low current at high voitage or vice
versa. They are called step-up and step-down transformers res-
pectively. Two coils of wire are wound on the same core, one
being called the primary coil and the other the secondary coil.
A given a.c. voltage is applied to the primary coil and this causes
an induced e.m.f in the secondary coil. The value of this e.m.
is given by

Secondary em.f. _ Number of turns in the secondary

Primary e.m.f. Number of turns in the primary

— N‘ -
= _NP

It is obvious that a d.c. applied to the primary coil will give
no e.m.f. in the secondary coil and thus the transformer can also
be used to block d.c. in a circuit.

Exercise 6.4

1. What is an inductor ?
2. What is a choke ? What is its use ?
3. What is q transformer and where is it used?
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6.5. - A. C. CIRCUITS
6.5.1. SERIES AND PARALLEL RESONANT CIRCUITS

* In radio receivers, transmitters and many other applications,
it is often necessary to pick out a particular signal. This is done
with tuned circuits which will only respond to one frequency or
more correctly, to a very narrow band of frequencies. There
are many ways of doing this, but basically all of them depend
on series or parallel resonances. In this section we shall deal with
resonance in series and parallel circuits.

You must have heard that the electricity supply to our houses
is at 250 volts, 50 cycles per second Hz. This is called an alternat-
ing voltage and it various between+250 volts and—250 volts and
back to+250 volts and this happens 50 times per second. If
we draw a graph connecting the voltage and the time. It will be
as in Fig, 6-4.

Fig. 6-4
Alternating voltage

Variations from 4 to C form one cycle and this happens
in 1/50 of a second in the above case. If the frequency is 1000
Hz., then one cycle will take 1/1000 thof a second. It.is possible
to generate alternating voltages of different frequencies. For
example freqnencies range from 10® to 10° Hz,in the case of
radio transmission,

Generally the resistance of an ordinary conductor to an a. c.
does not depend on the frequency. The resistance offered by an
inductor to an a. c. increases with frequency, while the resistance
offered by a capacitor decreases with frequency. In the case of an
inductor the ‘resistance’ offered by it is directly proportional to
@ frequency whereas in the case of a capacitar it is inversely
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proportional to the frequency. The inductor offers a low resistance
but a capacitor offers a high resistance to an a.c. of low frequency.
A direct current has“zero frequency and, accordingly, the capa-
citor offers infinite resistance to d. ¢., thus blocking it comp-
letely. At high frequencies, an inductor has a high resistance
and a capacitor has a low resistance. Hence at high frequencies
even an inductor with inductance can be used to block ana c.
Thus, for example in the radio frequency circuits, chokes are
usually air-cored.
6.5,1. (a) SERIES RESONANCE

A series-resonance circuit consists of a resistance, an
inductance and a capacitance in series as shown?

R [N C
A,___NV\N\.___WU\——-{ }.__gg

Fig. 6-5
Series resonance circuit

If an alternating, voltage is applied betweea the terminaly _
& and B, the alternating current generated in the circuit is found
to vary with the frequency of the applied voltage.

R - C

8

Fig. 6-6 ’ -
(2) An a, c. voltage applied to & series resopance c;gcqlg, .
(b) Variation of current with frequency-series: reyouance.



The variation of the current with the frequency is .shown in
Fig. 6-6b. It will be noticed that the current is low for most
frequencies and is appreciable only for a very small range of
. frequencies. The centre of the small range gives the maximum
current. We say that the circuit is resonant with the applied fre-
quency at this point. This frequency is usually called the resonant
frequency (f;). Therefore, this circuit can be used to ‘select’
alternating currents of this particular frequency. The value of
the resonant frequency depends upon the values of the induct-
ance and the capacitance in the circuit. It is given-by

1
fe = 5o TE
where the L is the value of the inductance in henry and C the
value of the capacitance in farad. The value of the maximum
cusrent at the resonant frequency will depend only on the resis-
tafice'of the circuit.
6.5.1, (b)) PARALLEL-RESONANCE CIRCUIT

Another type of resonance circuit is the paralle] resonance
elrcuit which is given below (Fig. 6-7 a).

1

. R %
A Ouaed 8
{ b
M
t. 4
A lc 8
| 8
o
_/
()
T -Fig. 6-7

(a) -Paralle] resonance circuit
1b)".Ab 5. voltage applied to the paralich resonance cimh
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1f we apply an alternating voltage across 4 and B as shown
in Fig. 6-7, it is found that the current registered by the ammeter
varies with frequency again, except that, in this case, we.get a
minimum instead of a maximum at a particular frequency. For
this reason it is sometimes called a rejector circuit. The varia-
tion of current with frequency is shown in Fig. 6-8. This means
that the circuit offers maximum resistance to the applied voltage
at the resonant frequency, that is, it blocks at this frequency as
against the behaviour of the series resononance circuit. When
the resistance is small, the resonant frequency is given by

1
hEnvie !
“
- Az
\
~
{
AT Pig 68 T -

Variation of current with frequency
(parallel resonance) ,y

Paralle] resonance circuits can be used to reject unwanted
signals. -

6.5.2. IMPORTANCE OF TUNING

In radio circuits, it is necessary to select the pasticular fre-
quency of the station desired. For this purpose, we must use a
series resonance circuit. By varying the capacitance in the
circuit, we can vary the resonance frequency of the circuit, and
thug the circuit can be made to respond to any desired frequency.
For this purpose, the variable capacitoris used, v » ~.

N
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Exercise 6.5
V. What is meant by saying that the electric supply to our
) house is 250V, 50 Hz ?

2. How do the resistances offered to an alternating current by
an inductor and a capacitor vary with the frequency of the
voltage applied to them ?

3. What is a series resonance circuit?

- &, Explain the action of a series resonance circuit with sui
table ‘diagrams.

5. Give the expression for the series resonance circuit,

6. Explain the action of a parallel resonace circuit with

suitable diagrams.

7. What is the importance of tuning?

6. 6. DIODES
6.6.1. Introduction

Electronic circuits use two types of circuit elements. The
first type involves resistance, capacitance and inductance while
the second type involves vacuum tubes and semiconductor devices.
The latter type is known as the active device while the former
type is called the passive device. We have so far discussed about
the first type and we shall now consider the second type viz,
active devices.

6.6.2. VACUUM TYPE DIODE

The simplest vacuum tube is a diode which - has two elect-
" rodes, a plate and a cathode. The cathodeis either a metal
filament which is directly heated by the passage of a current, or
a metal cylinder which is indirectly heated by a filament kept
‘along its axis. The heated cathode emits electrons which occupy
the space surrounding the cathode. This forms a ‘space charge’
which tends to oppose further emission of electrons from the
cathode. The loss of electrons will tend to make the cathode
- positive, and thus cause it to attract the electrons from the space
. charge, At some stage the electrons emitted by the cathode will
be equal to the electrons coming back to it due to the attraction
of the cathode as well as the repulsion of the space charge, A
. dynamic equilibrium will thus bz established. This proceess is
similar to the equilibrium of a lignid with its vapour above it. |
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Generally, the cathode is made up of a nickel alloy base oo
which there is a coating of oxides of barium and strontium. In
the filament type, the substance used is tungsten or thorium
coated tungsten. These materials are chosen because they are

efficient emitters giving appreciable emission even at lower
temperatures.

The plate, which is the anode, is 2 metal cylinder, surrouns
ding the cathode. This is usually made of nickel, iron or molyb-
denum. The entire arrangement is enclosed in a glass envelope,
which is completely evacuated,

If we give a positive potential to the plate with respect o
the cathode, that is, when it is forward biased, the space-chargs
electrons will be attracted towards the plate, and this movement
of electrons generates a current. In the circuit shown in Fig.
6-9., a variable positive potential is connccted to thc plate with
respect Lo the cathode. TR
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Fig. 6-9 SER
A diode characteristic circnit

The electrons reaching the plate, as stated above, will
continue through the outer circuit in the direction shown in
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Fig. 6-10. The conventional current is in the opposite direction.
The ammeter A4 in the circuit will measure this current, while

L

v
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Fig. 6-10.

Circuit showing the direction of flow of electrons

the voltmeter V will measure the p. d. applied between the plate
and the cathode. The current is calied the plate current I, while
the p.d. is called the plate voltage V,. When the plate voltage is
increased, the plate current also increases and, after a particular
stage, becomes constant. This maximum value of the current is
called -thessaturation value. The variation of current with volt-
age is shown in the graph, for a particular temperature of the
cathode (curve B). It the temperature of the cathode is increased,
the saturation value goes up (curve 4), It must be noted that, if
the plate is made negative with respect to the cathode, that is
when it is reverse biased, therc will be no current, as the elect-
rons will be repelled by the plate there can be no flow.
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Fig. 6-11
Diode characterestic carve

The diode therefore allows current to pass through only in one
direction. The curves which represent the behaviour of the plate
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current with respect to the plate voltage are called the character-
istice of the diode.

)

N
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Fig. 6-12

An a.c. voltage applied to the dicde and the current

in the external cirenit.

It is usual to say that when a diode is forward biased, it has
a low resistance, and when it is reverse-bjased, it has a very high
resistance. This property isused for the conversion of a,c. into
d.c. which is called ‘reetification’. In the circuit shown, when
the applieg voltage is such that the plate is negative, the diode
will allow no cuirent. ,

Therefore, an alternating voltage applied to the diode will
allow current in the external circuit only during those half-cycles
when the plate is made positive with respect to the cathode, The
applied voltage and the current in the external circuit are shown

(s) *

NN
VARV,
oI AN,

Fig. 6-13
The input and the output when an a.c. is applied to a diode
(a) applied voltage (b) current

in Fig. 6-13. The current in the external circuit is always in one
direction but flows only for half a eycle. Therefore the circuit i
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known as the halfwave rectifier. The diode in this case functions
simply as an automatic switch which connzcts the supply voltage
to the external circuit for a half cycle. i.e. only when the plute is
positive with respect to the cathode.

In the above case, one half of the supply veltdge is not ussd.
In the circuit given below (Fig. 6-14) full weve rectifier is skewn
in which the full cycle is used,

D,,D,,D;, and D, are the diodes and the solid triangles repre-
sent the plates and actually show the directions in which thew
current will flow. When the generator voltage is such as to make
the point R positive (Fig. 6-14 a), thc end Bis positive aku

(Symbglle representation of a diode is used
in the figures below,)

P xn

(2) Full wave rectifier  (b) Path of carrent when R is+-ve
Fig. 6-14

C is negative. Therefore D,, aud D, have the proper directions
for eonduction, and the current will flow through D, and D,
through R,, a3 shown in Fig. 6-14 (g). The path of the current is -
shown by the arrow,

During the next half of the generator voltage, S will be
postive and R negative, which will make C positive and B
negative. Now D, and Dy are in the proper .direction for cong-
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uetion, Therefore the current will fAlow through D, and By
through R, as shown in Fig. 6.15.

Fig. 6-15.
Path of current when S is + ve

It will be seen that the current through Ry is always in the
same direction, and that the current flows through Ry during
both halvey of the generator voltage. The supply voltage and she
slectric current in the external circuit are shown below:

@HA AN
VARV

Pig. 616

The input and output of a full wave rectifier
{a) Supply voltage (b) Current in the external eireuit

The voltage across the resistance R, will have the same
shape as the current. «

6.6.3. SENMI CONDUCTORS

Electrical conductivity of solids depends on the cprrent-
carrying electrons which are free to move through the material,
Good conductors like metals have approximately one free electron
per each atom. In an insulator there are practically no free
electrons, Germanium crystals are insulators where impurities
are less than. 1 part in 4 billion. Traces of impurities produee
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some conductivity due to the presence of as MNttle as ane flue
electron per every million atoms. Germanium of this type s
called a semi conductor, since its conductivity lies between that
of a conductor and that of an insulator, The conductivity of the
semi-conductor can be controlled by adjusting the amount of
impurity added to it.

The materials generally used are germanium or silicon. They
belong to the fourth group of the Periodic table and have four
electrons in their outermost orbits. In the arystal structnre these
‘valence’ electrons of each atom are shared by thelr four near-
est neighbours. The bond formed by shering ef twe eleciroms
between two atoms -ds called a covalent bead. At temsperatwres
close to the absolute zero, all electrons in the erystal are leald
strongly by these chemical bonds. When the crystal is raised to
the room temperature, however, the thermal vibrations of the
atoms cause some of the bonds to break thus freeing some of the
eleotrons. Where an electron. thus breaks free, 2 vacancy has bamp
ceeated, and thisiscalled a ‘hole’. The pert of the erysial which
was neutral in the beginning now lasks an clestren. The Inls
thus equivalent to a net posisive charge. Thermal vibravhens
again ean cause a bound electran next to the hole te nxrre aseoss
to fill the gap. The net motlon of the negative charge fioom
one bonded position to another is éffectively equivalent %0 the
motion of a hole in the opposite direction. The holes therefore
act like mobile positive charge-carriers.

If the germanium crystal has an elemant from the ffh grony,
say antimony, introduced as impurity, then every atora of anti-
mony is surrounded by four germanium atoms. There are five
electrons in the outermost orbit of antimony, and four of thess get
engaged in establishing covalent bonds with germaniura medgh-
bours. Thus, one is left free, and becomes available for comenc-
tion, thus increasing the conductivity of the crystal. An impurity
Hke antimony is called ‘doror’ impurity, because they donats an
electron for conductivity, The electrical conductivity is prim-
arily due to these electrons. Unlike in the pure germanium
mentioned earlier, the presence of the free electron dees not in-
volve a vacancy, i.e. there isno corresponding hole. Sinse the
current carriers are primarily megative charges here, this is cajled
an N-type semi-conductor
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@ermider the impurity to be introduced from the third group
of Rewdewss frem wee periodic table, say zluminium.  Aluminfum
hews emly three valance eclecivons, and therefore can form bonds
ouly with three of the four germanium atoms. Therefore the
foussh place has a vacancy, that is a hole. In this system, the
comdwativity is mainly due to these holes which are equivalent to
pesttive charge carriers as explained above. A semi-conductor
of ths type is called a P-type semi-conductor. As each impurity
atom (aluminium) has a vacancy which can accept an electron,
it & ealled an ‘acceptor’ type impurity.

664. SEMI CONDUCTOR DIODES

If the two semi-conductors R and N types respectively are put
togeteer as in Fig. 6-17 (a) we have a P-N junction diode.
Roughly, tlle action of the junction diode may be described as
‘follows: The ‘P’ type crystal has a predominance of holes over
free elocirons, as was said earlier, while the ‘N’ type crystal has

L0000 000D
CEE0! AED®
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(8) P-N [inction dicde-potential barrier

P N

filt
Fic. 6-17
() Dicdc-Ferward bissed
a predominance of feee elcctmns over holes. When they are
in coutact, there will be & difliusion of the free electrons zcross

the junction, which causes newiralisation of some of the holes
" Fhy—i§




on the ‘P’ side, At the same time the removal of electrons from
the X side roecans creation of some holes. The net result may be
dezeribed as a flow of electrons to the ‘P’ side from the ‘N’ side

and a flow of holes from ‘P’ side to the ‘N’ side. To begin with,
both erystals (‘P’ and ‘N’ types) were neutral, and this two-way

P N
i}
(c) Diode Reverse biased
Fig. 6-17

flow across the junction causes a net positive charge on the ‘N’
side{due to the removal of negatively charged electrons, and the
inflow of positively chargeﬂ holes) and a negative charge on the
P’ side (due to the inflow of electrons and removal of holes) in the
vieinity of the junction. This creates a potential barrier, depen-
ding on the ‘P’ and ‘N’ materials used across the junction.
When this stage is reached, the ‘P’ side acrossthe junction
is negative with respect to the ‘N’ side.

If a battery is connected to the terminals of the diode as
shown in Fig. 6-17 (b) the potential barrier across the junction is
reduced, and this will allow a net flow of current carriers viz,
holes and electrons. If, however, the battery is connected as in
Fig. 6-17 (c), then the potential barrier is actually increased, and
no net flow charge carriers will be possible, i.e. there can be no
. current in this case. The action is the same as in the vacuum tuhe
diode, and hence the name. i

‘Toe P jrnction diode allows the current to flow through
when the ‘P’ side is positive with respect to the ‘N’ side, and not
vice versa. In the former case, it is said to be Jorward biased,
and in the latter case, reverse biased. These can be used for
reciification in the place of vacuum tubes as explained in F ig.

6-13.
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The variation of the current through the diode with appiie«l
veltage under forward and reverse bias conditions is shown in

14

Figz. 6-18
Keistion between applied voltage and current
in a junction diode

Fig. 6-18. 1t will be scen that there is a small current under
reverse bias also, unlike i the vacuum diode.

Exercise 6.6

Whar are the two types of circuit elements?

Describe the construction of a diode.

Figscribe the action of a  diode when an a. c. voltage is
applied io it.

-

Explain a rectifier circuit with a suitable diagram,

|,

What are semi-conductors? Why are they called so ?
What is a hole?

What is an N-type semi-conductor.

What is a P-tvpe semi-conductor?

w o N S

What is @ P-N junction diode?
10. Explain the action of a P-N junction diode.

11. What is meant by saying a P-N junciion diode is (i)
Sforward bivsed and (ii) reverse biased ?



1. APPLIED PHYSICS

7. 1. ATMOSPHERE

7.1.1. ATMOSPHERIC PRESSURE

As you know, the atmospheric pressure is the pressure exerted
by the huge column of air which surrounds the earth. One of
the main constituents of the atmospheric air is water vapour.
The amount of water vapour contained in the atmosphere plays
an important role in determining the conditions of the weather.
As the water vapour has a density less than that of dry air, the
atmospheric pressure decreases with the increase of water vapour
in the atmosphere. Hence the weather may be predicted from
observations relating to the atmospheric pressure.

The atmospheric pressure at a place undergoes hourly, daily
and aunual changes. Hence, to study the weatker, the atmosphe-
ric pressure has to be measured simultanecusly at different places.
The changes in the atmospheric pressure have two origins,
namely, (i) thermal origin and (ii) dynamic orizin, |

The thermc] variation of the atmosyheric pressure is due to
the changes in the density of air with temperature. The density
of air decreasés with increase of temperature. Hence the varia-
tion of temperature causes vertital and horizontal displacements
of air leading to changes in the atmospheric pressure. Therefore
the atmospheric pressure will be high at regions of Iow tempera-
taie and vice vorsa, A

The dynamic variatien is due to friction and the centri-
fugal force developed in the atmospheric air. These forces are
caused by the rotation of the earth. The rotation of the earth
gives rise to a sliding moticn of the surface of the air in contact
with it,
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7.1.2. HUMIDITY

Humidity is a measure of the content of water vapour in the
atmosphere. You might have studied in the junior classes about
humidity and how it affects the human comfort. The coatent of
water vapour and hence the humidity of the atmosphere plays.a
major role in the formation of clouds, mist etc., and hence in
controlling the conditions of the weather. 1

You may also know that the water vapour in a given space
can have a maximum pressure at any temperature, known as the
saturation pressure. When the atmosphere contains water vapour
at this pressure, it is said to be saturated with water vapour. At
this stage no more evaporation can take place. When the atmo-
sphere is in the saturation state or in the near-saturation state,
evaporation stops or is slowed down. The more the amount of
waicr vapour contained in the atmosphere at a particular tempe-
rature,the nearer it is to the saturatian state and hence slower will
be the evaporation. If the water vapour in the atmosphere (at a
temperature) is increased beyond saturation, it is said to be
super saturated. This super saturation will make the excess water
vapour to condense. The super saturation of the atmosphere
may be brought about by the decrease of its temperature. It is
this super saturation and condensation of water vapour that bring
about the formation of clouds. Ifthe atmosphere contains more
water vapour at a particular temperature, it will be nearer the
saturation stage at that temperature; super satuiation can be
attained with ease.

7.1.3. FORMATION COF CLOUDS

We have seen that the condensation of water vapour in the
atmosphere is the cause of formation of clouds, In order that
water vapour may condens2, it requires some nuclei. The smoke
from factory chimneys, pollen grains from the flowers, dust parti-
cles, ions all form such nuclei. When air becoracs cooler and
cooler, water vapour condenses around these nuclei form-
ing tiny droplets. Millions of such droplets clusier together in
groups forming clouds. If these groups are forined at ground
level, they are called fog, The clouds are formad at heights
ranging from 1 km to about 12 kms. It is pessible to predict a
storm or heavy rain in advance by an appraisal of ihe nature of
the ciouds. o
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7.1.4. DEW, FROST, SNOW STORM AND HAILSTONES

When the soil rocks and plants cool during night, the layer
of air which is close to the ground is also cooled. The water
vapour in the cooled air condenses as tiny drops of water on
blades of grass and. other plants. These tiny drops are dew drops.
On very cold nights the water vapour condenses directly into
ice crystals. These crystals form a white film on the ground,
known as frost.

When the air high in the sky cools very quickly, the water
vapour condenses directly into ice crystals leading to a snow sterm.
Hailstones actually start as rain drops. But before the drops of
water can fall very far, the wind blows them upto the colder
regions where they freeze and begin to fall again. As they fall
more water condenses on them. They are again blown up and
the process will be repeated till the frozen drops of water become
too heavy to be lifted by the wind and fall to earth. These frozen
drops of water are known as hailstones. Hailstones are usually
not much bigger than a pea, though some may be as large as
cricket balls,

7.1.5. LIGHTNING

Lightning is nothing but an electrical discharge through the
atmosphere due to the charges accumulated on the clouds. The
discharge may take place between the clouds or between the cloud
and the earth. The atmospheric air is continuously ionised by
the action of the ultraviolet rays fram the sun and the cosmic
rays. As a result, the atmosphere always contains positive and
negative ions which create an electric field in it. When the water
droplets of the cloud which are initially neutral fall through this
electric field, they get charged, some negatively and some
positively. According to C,T.R.Wilson, the heavier droplets
acquire negative charges while the lighter ones acquire postive
charges. This leads to the clustering of negative charges at the
base of the cloud and-the positive charges at the top. Sometimes
- a small quantity of positive charges is also found at the base of
. the cloud. The accumulation of charges continues until the pot-
, ential difference becomes so great that a discharge takes place
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between the charged surface of the same oloud or betwsen two
clouds. The flash produced by the discharge is the ‘lightning’.
Further, the charges on'the cloud induce charges of opposite kind
on the surface of the earth, leading to a discharge between the
cloud and the earth. The flashes are often very long sometimes
several kilometres, the diameter being 10 to 15 cms. Often, many
flashes of very short duration follow slightly different paths in
quick succession. This produces an illusion of forking.

The potential differences causing the flashis very large
ranging from about 100 million to 2000 million volts, the value
of the current being as high as 20,000 to 200,000 amoeres. It has
been estimated, that over the entire globe, lightning occurs at a
rate of about 100 per second. This rate of electric discharge
represents about 4 terra (10*?) watts of continuous power. It is
this enormous potential difference and the current which produce
the destructive effect of lightning. In spite of its destructive effects
lightning is also beneficial to mankind. Owing to the enor-
mous heat produced during lightning, nitrogen is separated
{from air. This nitrogen dissolves in rain water and reaches the
carth which is the main cause of prolonged fertility of the soil.

7.4.6. THUNDER

About 75%, of the electrical energy of the lightning discharge
is used up in heating the atmospheric gases in and around the
flash, raising the temperature to about 10,000 K in about a few
micrescconds. As a result, a pressurc wave, on expansion, gives
rise 1o compressions and rarefactions, producing a violent sound
called thunder.

7.1.7. WEATHER YORECASTING

Weather forecasting is the forecast of the conditions of the
atmosphere based on observations of factors such as the tempe-
rature, the humidity, the direction and the velocity of winds and
the types and movements of clouds. Anticipation of future
weather is of vital use in many areas.

I the Geld of agriculture, long range f{orecasting helps
eflicient plananing for maximum productivity and reduction  of
wasle.
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Marine forecasts are made about the wind, the visibility, the
storm and the general conditions of weather in coestal! areas.
Such forecasts help to preserve life and property at sea and aloag
the coastal arzas. The activities in shipping and fishing areas
are also madé safe.

Aviation forecasts are made for particular geographical
areas, for one or more air terminals and for specific routes and
flights. These forecasts are essential for safe and effieient opera-
tion of air navigation. The upper-air observations and foresasts
play an important role in space flights.

7.1.8. PRIMCIPLE OF WEATHER FORECASTING

Weather forecasting, in general, consists of three stagss. In
the first stage. the prevailing climatic conditions in a region and
its surroundinys are to be found. Thése observations are entered
in a weather map which is czlled a synoptic chart, The next
stage is to anzlyse the chart and estimate the weather correspon-
ding to a later period. In the third stage,these estimates are com-
pared with the developments that had taken place in the past
under similar conditions. Then, from a knowledge which the
forecaster haz gained about the factors which ehsage the
climatic condi:ions, the forecast is made. ’

For effici-nt forecasting, an idea of the conditior: in the
upper air is alio essential. These are determined using feiloens,
radiosondes and airplanes. Nowadays satellites equipp € with
cameras are being used to orbit the earth to obtain valuc.bic data
for weather forecasting.

7.1.9. CYCLONE TRACKING

Before going info the detalls of cyclone tracking, it i wiafut
to know clearly about the cyclene -and its nature.

The word cyclone is defined in the dictionary as a low pres-
sure storm area into which air spirals, usually forming clowd: and
rains. The word has its orizin from Greek words “Kjllos”
and “Kykloein’ meaning circle and whirling.

How does a cyclone develop ? Owing to the warming vp of
the atmosphesic air by the heat of the sun, the lower levels of air
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are set in eonetant motion from the poles to the equator This
motion is converted to a spiral motion by the earth’s rotation.
If, in addition, the air passes qver large seas, it pieks up the
water vapour and heat; it moves slowly at first and picks
0 “P SPM. y 74
T . Pictures of the cyclonic storm that struck
: } : East Pakistan in 1970

Fig. 7-1 (a)
Nov. 8 - time 15 hrs. 26 min. IST. Unsettled weather
coaditions in the Bay of Bengal —Well marked low
; pressure area: a cyclone is born
A glance at the pictures of the cyclonic storm Fig. 7-1
{a, b, ¢,d, e, ) that struck East Pakistan in 1970, taken by
TOS-1 will show how a cyelone can be tracked efficiently,



Fig. 7-1 (b)

Nov, 9- time 14 hrs. 39 min. IST. The cyclone takes shape
and an ‘eye’ is seen forming. The clouds cover

almost the whole of the Bay of Bengal

fins

Fig. 7-1(c)
Nov, 10- time 15hrs. 27 min. ST, The clouds have formed
into thick smaller circalar hands and the ‘eye’
- has bEcome more prominent
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2 © Fig. 7=l (d)
Nov. 11- time 14 Ars. 29 min. IST. The cyclone has intensified
into a huge vortex with a prominent ,ey¢’ which is
about 400 km due.east of Vishakapatpam = ~
-

: Fig. 7-1 (e) i
Nov. 12- time 15 hrs. 24 min. IST. The violent cyclone crosszd
the coast of Last Pakistan toward nightfall. Note th¢
¢lear ‘eye’ on the clond mass over sea-a black def
Betow the ‘x’ mark in the picture
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Nov, 13 - timﬁe 14 hrs. 26 min. IST. The cyclone has blown
over tle land virtually spending its fury. The
cyclone is dead bat remains as a huge cloud mass

Y. 7I{e earth’s rotation causes it to spiral inwards. As the air
~“moves to the centre of the spiral, the warm air and the clouds
pick up more speed. At the vortex of the spiral, they rige up=
ward and the clouds spread out in great sheets. As a result the
clouds are cooled resulting in heavy rains The spiral of air

* followed by the heavy rains is ealled the cyclone.

~ With the development of man’s ability to place artificial
satellite in  orbit, it has now become possible to have a close.
watch over the birth and the movement of the cyclones to a_high
degree of accuracy and to forewarn about the impending cyclene,
The satellites designed for this purpose are known as meteorolo-
gical satellites. The first group of such satellites belong to the
TIROS group (Television and Infra Red Observation Satellites).
These satellites carry special types of TV cameras along with
many meteorological instruments and automatic picture trans-
miséion system. Switching system is provided to start the
cameras when the satellite approaches the sunlit side of the earth,
and to shut them off on the night side so that the cloud patterns
may be determined even during nights. Improved models of
TIROS viz. TOS (Tiros Operation Satellite) are now in use.
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Exercizse 7.4

What is meant by the thermal variation of atmospheric
pressure ? .
What is meant by the dynamic variation of atmospheric
pressure ? '
How do the clouds form ?

Explain the formation of frost and baélssenes.

How does lightning take place ?

How is thunder produced ?

What are the uses of weather-forecast: ?

How are the weather forecasts made ?

How is the storm formed ?

What are TIROS ?

»

-

Somuomaw
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7.2 DEFENCE

7.2.1. SOUND RANGING IN LOCATING ENEMY
- CAMPS

K4

A very important application of the acoustical principles
in defence is that of finding the exact position of an enemy gun
from the sound of its firing. The method, known as ‘“Multiple
point sound ranging” consists of arranging atleast three receivers
of sound at known positions in a straight line and determining
rhe instants at which the receivers receive the firing sound ia
succession, ’

The principle can be explained as follows: Suppose twe
observers situated at a distance receive the sound due to the ex- .
plosion of a gun simultaneously, they may easily guess that the
gun is situated on the perpendicular bisector of the line joining
them. If, however, one of them receives the sound earlier than
the other then the gun will be situated at a point away from the
bisector and on the side of the observer who receives the sound
earlier. From a knowledge of the time interval between the
instants of the arrival of the sound by the two observers and the
distance between them, it is possible to calculate the direction of -
the gun. From the observations made by another pair of obser--
vers, the position of the gun may be exactly located.
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In practice the sound is received at more than three stations
at known distances by microphones which are connected to a cen-
tral station, where the instants of the arrival of sound at each
station is recorded on a moving strip of paper. Thus knowing
the time of intervals between different pairs of stations and the
distances between them, the position of the gun will be located
exactly. It may be added that the same principles are applied
also to locate explosions of mines and torpedoes in the sea.

7 2.2. RADAR

The name “RADAR' has been derived from the initial
letters of the words ‘‘Radio Detection And Ranging’’. Itis
a system for locating the objects which reflect radio waves. Any
object which reflects the radio waves may be detected and loca-
ted in space. Since theradio waves penetrate darkness, fog and
rain, this method is employed in locating planes, ships and other
objects more accurately than by employing optical and acoustic
methods.

Though the origin of the radar may be traced to 1923, the
method was successfully used only in 1929 by Appleton. He
utilised the principle of the radar to measure the altitude of the.
different layers of the atmosphere. But in 1935, Sir Robert
Watson Watt found that the reflected radio wave from the object
can be visually observed on a screen by means of a cathode-ray
tube, After this discovery, the radar underwent many improve.
ments and it played an important role in World War II.

7.2.3. PRINCIPLE OF THE RADAR

Though the working details of the various radar systems are
different, the basic principles are the same. A series of radio
frequency pulses are transmitted by a ‘directional antenna’.
The pulses are very short and very accurately timed. The freq-
uency range is approximately from one hundred MHz to several
thousand MHz. If these pulses strike a conducting object, some of
the energy is reflected. The reflected pulses may be picked up
by the radar receiving system with the help’of the same antenna.

;The direction of the antenna when a reflected pulse is dete
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cted gives the direction of the object. The duration between
the transmission of the pulse and its reception gives a measure
of the distance of the object.

& Fig.7-2
m A Radar Antenna
9.2.4. USES OF THE RADAR

The uses of the radar both in war'and peace are numerous.
3¢t is useful in guiding the fighter aircraft, to intercept and engage
the enemy bombers before they could reach their targets. For
this a provides coatinuous positions of the approaching
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Bombers at the greatest possible range from the radar statfon, K
also tells the height of the bombers so that the fighters could go
straight up to the right height as well as to the correct position.
Besides, the radar provides information about the strength of the
bomber force enabling to send the right number of fighters. Each
aeroplane sends back & certain amount of energy and the total
effect of the reflections from the group of enemy planes gives a
clue to the number of aircrafts in the group. When the radar
units are fitted in the bombers, they help the bombers to locate
their targets exactly. Thus the radar is useful both in defence
and in offence during war time.

Apart from these uses of the radar in war, it has got many
applications in meteorology and astronomy. In meteorology,
it is used for the deteetion of cyclones and in tracking them. In
astronomy it is used to measure the distance and the nature of
the surface of the moon. it may also be used to determine the
distance of the planets.

7.2.5. SONAR

Sonar is an under-water device which is used to obtain infer-
mation about objects or events below the surface of water with
the help of sound waves. It is very much similar to the radar in
principles. Radar is of no use under the water, since radio waves
do not pass through water easily, whereas sound waves are easily
wransmitted through water. The term "Sonar’ is formed by using
sthe first letters of the words ‘Sound Navigation And Ranging’.

The sonar equipment can produce, transmit and detect sonic
or ultrasonic waves. A pulse of sonic or ultrasonic waves s sent
through water from the sonar equipment of a ship. It this pulse
strikes any solid object on its path, an echo is produced which
will be received by the sonar equipment. The direction of eche
indicates the position of the object. The distance of the object
is calculated by finding the time taken between the transmission e
of the original pulse and the reception of its echo. This method
may be adopted to hunt the submarines during the war. 1

Sonar has also many uses in peace time, It is helpfal to.ig
wavigators in obtaining the depth of water at a particular placeids
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The depth of water is reakised by sendmg an wultrasonic beam -*
down towards the occan-bed and receiving its echo, The sonar
equipment fitted to fishing hoats helps to locate shoal of fish
With the help :of more sensitive sonar systems, it is possible even
to identify the fish, finding the size of each shoal and the depth * -
of swimming. Further the system is of great help in navigation
through narrow and rocky channels,

7.2.6. INFRA-RED PHOTOGRAPHY

You have learnt about the production, properties and rangc
of the infra-red rays under the chapter “Electromagnetic Radi-
ation’”. They can be detected in many ways of which the photo-
graphic method is one. Since the infra-red rays undergo negli-
gible scattering, they can penectrate fog and baze through long
distances  Hence they provide a better method for long distance
photography.

The infra-red phetographs (/R photographs) may be taken
using an erdinagy camera fited with a suitable /R filter, But the
photographic plates should be specially sensitive 1o the IR region.
These photographic plates are manufactured by liford Ce.
During war this'method can be used for airplane phetography,
since there is a *'dense haze’® between the earth's surface and
the high-flying plane. Also the jandscape may be photographed
by aircrafis fiying at high altitutes covering larger areas Pheto-
graphs taken with infra-red rays reveal more details.

7.2.7. IR TELESCOPES

., The distant objects may also be seem visually with deviees
eaM “IR telescopes’’. Such devices are found to have much
of milltary interest. Two simple factors render this possible viz.
(£) they are invisible and (ii) all targets (including human beings)
are emitters of infra-red rays. Hence it is possible to illuminate
a target with the infra-red and observe it without the abserver
being aware of it.

The device uses a source of the infra-red which illuminates -
the target. The light reflected by the target is collected by am
optical system, - 1t is then focused on the froat surface of an
tinage conyerter. tube. The frons surface consists of & caesium. .
exide silver surfac,c to which a high negative voliage is applicd.

v Phy-f‘l
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This high voltage drives the electrons from the surface and
focusses them on the back surface which isa phosphorescent
screen and to which the positive of the high voltage is applied.
The focussed electrons produce a greenish image of the target
which can be viewed by an eye-piece which magnifies it (Fig 7-3).

Fig. 73
IR Telescope

If this unit is fitted to a rifle, it is called a sniperscope which is
used for sheoting in the night. Similar type of binoculars enable
vehicle drivers to drive the vehicles in the night.

The police can use such telescopes to observe the movements
of the miscreants. )

g Exercise 7.2

Explain sound ranging.

What is meant by Radar ?

Explain the principle of Radar.

What are the uses of Radar?

What is meant by Sonar 7 What are its uses ?

Explain the infrared 1elescope with a neat sketch Mention
some of its uses.

7.3. CINEMATOGRAPHY
7.3.1. PHOTOCELLS

»
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It was mentioned in the chapter on Atomic Physics that one
mode of emission of electrons is the photo-electric emission. The
devices which use the photo-electrons are called the photocells:
There arc three types of photocells, They are (i) photo-glectric
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cell, (il) photo-voltaic cell and (iil) photo-conductive cell. “Though’
all of them are based on the same principle of the emission of
electrons under the influence of light radiations, they differ sligh-
tly in principles of construction. The photo-electric cell-is based
on the outer photo-electric effect in which the liberated clectrons
are ejected out of the material exposed to light. The other 1we
are based on the inner photo-elelectric effect in which the libera-
ted clectrons remain inside the material and increase the numbes
of free electrons responsible for the conduction of electricity

7.3.2. PHOTO-ELECTRIC CELL

The phota-electric cell is also known as the emission cell ot
alkali-metal cell. 1t consists of a cylindrical surface C with it
concave surface coated '
with an alkali metal such
as potassium, rubidium or
caesium, enclosed in a glass
or quartz tube. The cylind-
vical surface acts as the
cathode. A thin wire ‘4"
stretched along the axis of
the cylindrical surface ser-
ves as the anode (Fig 7-4),
The tube may be highly
evacuated or filled with an
inert gas such as hellum,
argon or neon at a yery low

pressure.
If an external source Fig. 7-4
of d.c. supply is connected Photo-electric cell

to the «cell through a

milliammeter to measure the current as shown in Fig 7.3, in
the absence of any light radiation there will be no currem
(Fig. 7-5 a). If, however, a beam of light is made to be inciden?
on the cylindrical surface, a current is found to flow through the
circuit (Fig. 7-5 b). As the photo-electric current thus produced
is very weak, it is usually amplified by means of suitable aircuits.
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The amphﬁed eurvent may be used to operate a loud speaker as
in sound repreduetion in ¢ine Sms or a relay as in  automatic
switching of street lights and automatic door closers er a counting”
mechanism as in autematic ceunting of ebjects. '

Z.. Q T

' Fig. 7-5 ;
{a) No current in the {b) When light falls on C
absence of light there is carrent in the circuit

7.3.3. PHOTO-VOLTAIC CELL

The photo-voltaic cell is a true eell in the sense that it gene-
rates an e.m.{ and requires no external power supply for its oper-
ration. The cell in general consists of a layer of a semi-conduct-
ing material such as cuprous oxide or selenium formed on the
surface of a metal plate. Over the semi-conductor is a thin semi-
teansparent film of metal which maintains electrical centact

LB L LA
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- Fig. 7.6
Photo-voltaic cell

between the semi-conductor and the metal, and at the same time
allows light te illuminate the semi-conductor layer. (Pig 7-6).



. w _

When light falls on the thin metal film and illuminates the layer
of semi-conductor, an e.m.f is developed between the two metal
layers. Such photo-voltaic cells are used in photographic exposurs
meters, illumination meters and other such meters used for the
measurement of the intensity of illumination. The major appli-
cation has been as a source of electrical energy in space-crafts in
the form of solar cells. Thousands of such cells will be fixed te
the outer surfaces of the space-crafts. These cells under the
influence of sunlight produce enough power to operate the various
instruments in the space-crafts. About 1800 such cells fitted te
the Indian satellite Aryabhatta were capable of producing &
power of about 46 watts,

7.3.4. PHOTO-CONDUCTIVE CELL

The photo-conductive cell is based on the photo-conductive
effect exhibited by some substances like cadmium sulphide or
cadmium selenide. Such substances when exposed to sunlight
undergo large changes in their conductivity approximately in the
ratio of 1:10°, These are used as detectors of radiation, and as
switches which are sensitive to hght and hence actuate relays.
They are used for infrared detection, in xerography which is 2
dry process for photo copying and in T.V pick-up tubes,

7.3.5. FILM RECORDING (SOUND) e

Attempts to produce a ““talking” motion picture were made
asearly as 1925 when Thomas Alva Edison recorded the ‘‘talk*
on a gramaphone record and synchronised it with the picture.
In about three years it was possible to produce a sound record
on the film itself so that perfect synchronization could be attained
between the picture and the‘‘talk’’

To record the talk or the sound on the film, it is necessary
to convert sound waves into variations of light to which the film
could be exposed. For this, the sound vibrations are first conver-
ted into electrical variations by a microphone. The varying cur-
rent is then amplified by suitable circuits and passed through &
galvanometer or through a special lamp. The lamp or the gal-
vanometer varies or modulates the light reaching a constantly
moving film in such a way that either the amount of exposure or
the area exposed varies in accordance with the sound vibrations
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produced before the microphone. When the amount of exposure
is varied, the sound vibrations are recorded on the film as differ-
ences in the density of blackening of the film. Such a recording is
known as variable density recording (Fig. 7-76). When the area
exposed is varied, the vibrations are recorded as differences, in the
width of the exposed area and the recordings appear as,a wavy
curve(Fig.7-8b). The recording is known as variable width-recording-

(a) fig. 77
Variable density recording of sound

In the variable-density recording, a fine slit of dimensions
005 mm X 6'5mm is illuminated by a special type of discharge
lamp whose intensity can be varied in as short an interval asa
few micro seconds.and hence in accordance with the sound vibra-
tions. A reduced image of the slit (0:025mm x2'5 mm in 35 mm
film) is focussed on to the edge of the film which will be moved at
a constant speed perpendicular to the length of the image of the
slit (Fig. 7.7a). As the intensity of the lamp varies, along the edge
of the film, different portions (in the form of stripes of 0:025 mm
width) will be exposed to different amounts of illumination. The
film when developed will contain the sound recordings in the
form of stripes of same dimensions of different densities of
blackening.

In the variable width recording, the amplified, varying
current obtained from the microphone is passed through a fGne
loop of phosphor-bronze strip of a galvanometer. The phospher
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‘bronze loop, placed between the pole pieces of a strong magnet,
undergoes a deflection which varies in accordance with the sound
vibrations. Light fram a lamp of constant iatensity is focussed
on to a mirror attached to ihe phosphor-bronze .strip. The
reflected light from the mirror is focussed onto a slit close be-
‘hind which is run the photographic film at a constant speed. As -
the phosphor-bronze loop, along with the mirror, is deflected, the
reflected light constitutes a line of light illuminating the slit to
different lengths and hence exposing the film to different lengths
along the slit. The film when developed will have a serrated
black band as in Fig. 7-8 b.
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(a) Fig. 7-8 ™
Varjable width recording of sound

7.3.6. REPRODUCTION OF FILM (SOUND)

For the reproduction of sound, the film has to move conti-
nuously. Further if the sound record of a particular scene is in
the same frame as the scene, due to the difference in velocities of
light and sound, the sound will be delayed in reaching the
audience and will not be in synchronization with the motion of
the lips. Hence usually the sound record pertaining to a frame
is made to lie in advance at a distance of about 37 cms (in 35
mm film) from the corresponding frame. This is done by mak-
ing the optical and sound records in separatc films and then
superposing them suitably.
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Now coming to the process of reproduction of sound, light
from a special type of lamp is narrowed down to a thin strip of
the same width as the sound track and is focussed on to the sound
track. The amount of light emerging from the other side of the
film will vary due to the varying densities or varying areas of
transparent portions of the sound track. The emerging light of
varying amount is made to be incident on a photo-electric cell
which produces ,a varying current, The varying current is then
amplified by means of suitable amplifiers to actuate the Joud
speakers. )

Exercise 7.3
1. What are the kinds of photo-cells? Mention some of
their uses ?

Explain a photo-etectric cell with a neat sketch.
Explain the photo-voltaic cell with a neat sketch.

)

Explain a photo-conductive cell with a neat sketch.

w oW

What is meant by xerography ?
6. What are two kinds of sound recording ?
How is the variable density recording dame ?

=

8. How is the variable width recording done ?
9. How is sound reproduced by @ prajector ?



NEW PHYSICS

8.1. EARTH’S MAGNETIC FIELD
8.1.1. ELEMENTS OF EARTH’S MAGNETIC FIELD

You might have learnt in your previous classes that, when a
magnet is suspended freely, it comes to rest so that one of its ends
always points towards the north and.other end towards the south.
This property of a magnet may be explained by considering the
earth as a huge magnet. The earth acts like a huge magnet with
its magnetic north pole somewhere near its geographic south pole
and the magnetic south pole near its geographic north pole,

You know that there is a magnetic field in the space surroun-
ding a magnet. As the earth behaves like a2 magnet it has also a
magnetic field. The strength and the direction of the earth's
magnetic ficld at a place may be found by measuring certain
quantities. They are (i) declination (ii) dip and (iii) the hori-
zontal intensity of earth’s field. These quantities are known as
the elements of the earth’s magnetic field,

Now let us see briefly what these elements are and how they
are measured.

A vertical plane drawn through a point on the surface of the
earth so that it passes throngh the magnetic north and south
poles is known as the magnetic meridian at that point. It is also
the vertical plane containing the axis of a freely suspended
magnet. Similarly a vertical plane drawn through a point on the
surface of the earth and the geographic north and south polesis
known as the geographic meridian at that point.

The angle between the magnetic and the geographic meridians
drawn at that point is called the declination at that point.

If a magnetic needle is pivoted so that it can rotate freely in
® ‘ertical planc it will come to vest with its axis inclined to the
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horizontal i.e. one of its ends will dip down. This angle of incli-
nation of the axis of a magnet at a place is known as the dip at the
place.

We know that the direction of a magnetic field at a point
will be indicated by the direction of the north pole of a magnetic
needle placed at that point. It may, therefore, be seen that the
direction of the earth’s magnetic field at a place is inclined to the
horizontal. Hence the earth’s magnetic field at a place may be
resolved into horizontal and vertical components. This horizontal
component of the earth’ s magnetic field at a place is called the hori-
zontal intensity of the earth’s magnetic field at the place.

The declination and the horizontal intensity may be accura-
tely determined by an instrument known as Kew magnetometer.
The dip may be accurately determined by an instrument known
-as the dip circle,

$.1.2. VARIATIONS OF THE ELEMENTS OF THE
EARTH’S MAGNETIC FIFLD

"The elements of the earth’s magnetic field at a place_are not
thesame at all times. They are subjected to variations. The
declination is found to vary by a few minutes from its average
value once a day. Likewise the horizontal intensity also varies
but by a very small amount i.e. about a few parts in 10000.
These are daily variations. However, the daily variations are not
eonstant. The elemenlts ave also found to undergo annual variat-
fons .2 once in a year,

Apart from these variations, there are violent and sudden
ehanges in the elements recorded all over the world. These sudden
changes follow a eleven-year cycle and are called magnetic storms.
The occurence of the magnetic storms coincides with the occu-
rence of the sunspot activities.

Exercise 8.1

L What are the elements of the earth's magnetic field ?
2. What are magnetic storms {
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8.2. THE SUNSPOTS AND THE
SOLAR FLARES

8.2.1. SUNSPOT ACTIVITIES

If we see the sun through a fine hole in a piece of cardboard,
most of the time we observe some dark regions on the face of the
sun (Fig. 8-1). These are popularly known as sunspots. These
were first discovered by Galileo Galilei in 1611 These spots
are among the most interesting features of the sun. They appear
dark because they are cooler than the surrounding areas. Though
the temperature (at the centre of the spots) in general is about

Fig. 8-1
Sunspots

.4600 K, it may even be as low as 3700 K. The surface temperature

of the sun is about 6000 K. The spots range in size from less than
150 km. to 100000 km. in diameter. The life of a spot is found to
be related to its size, The smaller spots are short-lived lasting
only a day or so, while the larger spots last for several days.

The sunspots do not occur at random on the sun’s face. They
show certain strange and unexplained regularities, “Considering
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their number, it is found to undergo regular changes. The
number of spots varies gradually from a minimum (when no
spots may be visible for days or even weeks) to a maximum and
then to a minimum. This cycle of variations between two
. minima is found to have an average period of about 1l years.
‘This interval is popularly known as the eleven year cycle.

Further studies about the sunspots reveal the following facts:

(i) The spots are associated with large magnetic flux den-
sities such as 0°4 tesla. The flux density at the centre.
is normal to the solar surface.

() Material flows out from regions in and around the spots
along the magnetic lines of force, as was indeed dis-
covered at the Kodafkanal observatory in our country
by Evershed.

8.2.2. SOLAR FLATE

Another important solar phenomenon which is clearly asso-
stated with the sunspot activity is the solar flare,

Tremendous local explosions are frequently observed near
the sunspots. These explosions give rise to sudden increase in the
intensity of light which then decreases slowly, lasting over an
hour or so. Such a phenomenon is known as the solar flare.
The solar flare is associated with sudden outbursts of matter in
the form of charged particles of very high energy.

The solar flare and hence the sunspot activity causes certain
changes in the earth’s atmosphere disrupting even telegraphic
services. The high-energy particles which rush out of the gravi-
tational field of the sun during the maximum sunspot activity
may be the cause of increased cosmic ray activities observed a
few minutes after the solar flare, They also bring about specta-
cular displays in the earth’s atmosphere at high altitudes in the
polar regions. These particles and the charged particles from
the sun’s corona (outermost atmosphere) following them cause
violent changes in the earth’s magnetic field leading to magnetic
storms. The.«{c magnetic storms affect the ionospheric regions of
the earth whish play & vital role in the radio and television
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broadcasts. Last but not the least, the solar flare and the sunpot
activity also play a vital role in changing the weather and
influencing the growth of plants.

Exercise 8.2

What are sunpots ?

What is a solar flare ?

What are the effects of solar flares?
What is eleven year cycle ?

Aw N

8.3. BALLOON FLIGHTS
8.3.1. INTRODUCTION

The balloon plays an important role in the study of the atmo-
sphere. The balloon usually is of spherical shape due to the pre-
ssure of the gas inside. In the early stages, air, coal gas and hy-
drogen were used as lifting media. Nowadays, helium is invariably
used as the lifting medium. The balloons of to day are made up
of cotton-rubber fabric, plastic and polythylene, whereas paper,
oiled silk, goldbeater’s skin and rubber were used in the early
stages. However, the choice of the material depends upon the
range of temperature to which the balloon may be subjected.

8.3.2 TYPES OF BALLOONS

Balloons are basically distinguished as (i) captive or tethe-
red balloons and (ii) free balloons. The captive balloons are
-secured by a cable to the ground, But the ‘free ballons’ are
not restrained in their ascent into the atmosphere. ‘

The important applications of captive balloons are mainly in
defence, navigation and communications. In defence, they are
used to detect enemy troop movements, artillery motors or rocket
firing sites. In navigation, they serve to locate air-borne and
ground vehicles at extended ranges. In communications they
have proved useful in spanning long distances as much as 800 km
and large areas such as 260 000 square kilometres.

The free balloons are now used in the meteoralogical study of
the upper atmosphere. Professor Piccard of Belgium who ascen-
ded o abeut 30 Kkey was the pioneer im the ficld of badlooning.
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In 1933, three Russians ascended to a height of about 24 k.
" Unfortunately they were killed during their descent. In spite of
many such accidents, free balloons of very large capacities have
ascended to a height of 27 km. These balloons provide useful in-
formation about the space, relating to Van Allen radiation, earth’s
magnetic ficld or cosmic rays. Many kinds of balloons are used
for meteorological purposes of which the following are a few :

(i) Ceiling balloons: These are used to find the height of a
cloud-base.

(li) Pilot balloons: They are used in finding the speed and
direction of winds in the upper atmosphere.

(iii) Radiosonde balloons: These are used to carry radio-
sonde. These are larger than ceiling or pilot balloons.

@iv) Harricane beacons; These balloons are used to trace
the caurse of the cyclones.

Apart from the above types of balloons used for meteorolo-
gical purposes, there are two other types of balioons used for
scientific research. They are (i} zero-pressure balloons and (i}
super-pressure balloons. They are designed to float at constant
altitudes.

The zero pressure balloons derive their names from the fact
that the internal and external pressures are always in equilibrium.
These are now extensively used tocarry scientific instruments
almost to the top of the atmosphere for astrophysical studies such
as cosmic rays. X-rays, gamma rays and other radiations emitted
by celestial bodies, and for upper atmospheric studies such as
measurements on atmospheric constituents, winds, temperature,
pressure, amount of water vapour, ozone and nitric oxide con-
centration They are also used for biological investigations such
as the effect of low pressure on living organisms, from the
smallest microbes to monkeys.

Zero-pressure balloons suited to atmospherie conditions above
our country have been developed by the Tata Institure of Fund-
amental Research (TIFR). A Natiowal Balloon Facility (NBF)
is now in operation at Hyderebad and it may be noted that it js
of international significance,
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In the super-pressure balloons, as the name itself indicates,
when they reach the desired altitudes, the pressure inside it is in
excess over the external pressure with their volumes always re-
maining the same The advantage of this type of balloons over
the zero~pressure balloons is that they can be maintained at the
desired altitude for days together at a lower cost. The longest
recorded flight of such a balloon is 411 days.

Exercise 8.3
Y What are the different types of balloons?

2. What are the uses of balloon flights?

8.4. ATMOSPHERIC REGIONS
8.4.1. INTROPUCTION ‘

The various regions of the earth’s atmosphere are characteri-
sed according to their thermal, compositional and electrical
features. The heights of the lower and upper limits of the atmo-
spheric regions are estimated depending upon certain properties
The conventional way of distinguishing the atmospheric layers
is as follows:

Region Lower limit upper limit
(km) (km)
Troposphere Earth’s surface 8-20
Stratosphere §-2 16- 64
Mesosphere ' 16 - 64 ‘ 50 - 80
Tonosphere 50 - 80 480 - 660
Exosphere 480 - 660 QOuter space

The region extending from 25 km to the outer atmosphere is
called the thermosphere o

Of these, the first three regions and the thermosphere are
distinguished by their temperature distributions, Hence they are
¢alled the thermal regions, The ionosphere is charactersed by
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> its electrical nature while tHe-exosphere is characterised by the
.composition, such as air density and the mean free path of the
: atmospheric particles.

8.4.2. NATURE OF THE VARIOUS REGIONS

The following section gives a brief account of the nature of
the individual regions :

Troposphere ¢ In this region the temperature decreases as
the height increases. Starting from a mean temperature of 288 K
at the earth’s surface the temperature decreases at the rate of
6'5 K per km till it reaches a minimum value of 218 K. This is
the region where the cloud, mist and rain are formed.

©  @teatosphere : The atmospheric region above the tropo-
sphere is known as the stratosphere. This is more or less a calm
region where the temperature remains almost constant at 218 K,
‘But at an average altitude of about 48 km the temperature starts
increasing at the rate of about 5 K per km till it reaches a maxi-
mum value of about 263 K at about 57 km.

Mesosphere : The region of increasing temperature is some-
times called the lower part of the mesosphere. Thereafter the
temperature decreases to a' minimum of about 183 X. This region
of decreasing temperature is referred to as the upper part of the
mesosphere.

Thermosphere : This is above the mesosphere. The tempe-
rature of the atmosphere after reaching 2 minimum value at the
top of the mesosphere continues to increase upto a height of
about 320 km. to 500 km. Beyond this altitude the temperature
seems to be independent of the altitude for several hundred kilo-
metres. The temperature of the thermosphere may reach even
about 1970 K at the time of some solar flares. However, the
average temperature ranges from 1023 X to 1523 X.

Tonosphere : This is a region of charged particles high
above the earth’s surface. It extends indefinitely into space. This
plays an important role in the long distance radio communi-
cation. ‘Owing to the ultra-violet radiations from ‘the sun and
cosmic rays from space, the gases in this region are ionised giving
sise to free electrons, positive and negative ions.
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The structure of the ionosphere varies eontinyeusly during
the day, the seasons of the year, solar activity and also according
to the latitudes. However, on the basis of the electron density
(number  of electrons per unit volume) several regions such as
D, E, Fand G regions are distinguished in the strueture of the
ionosphere,

The lower portion of the ionosphere is called the B region.
It extends from about 55 kms. to 60 kms. It is characterised by a
low electron density. Hence in the absence of the solar radiation
it disappears completely during the night time. It reflects low
frequency (20 kHz to 100 kHz) and hence long wavelength radio
waves which are usually used for very long distance communi-
cations. The strength of such waves change only very gradually
even during long distances.

The next region which extends from about 60 kms to 145
kms is called the E region. Though the electron density of - this
region also decreases during nights, it never falls to 2ero and
hence this region does not completely disappear during nights.
This reflects the medium-length radio waves, in the frequency
range of 550 kHz to 1500 kHz. This was formerly known as
Kehnelly-Heaviside layer. Arthur E. Kennelly of USA and Oliver
Heaviside of England were the first to discover independently the
existence of the ionised layer of the atmosphere in the year 1902,

The F region starts from about 145 km to more or less
indefinite altitudes. It is also known as the Appleton layer. It
is the most useful for long range radio transmission (frequen-
cies above 1°5 MHz). It exhibits a further division into Fl. and
F, regions during the day, which however merge into a single
region during nights. F, region is the lower of them and ex-
tends from about 145km. to about 240 km. The F, region begin
from 240 km. :

The G layer is supposed to exist at an altitude of about
400 km. It has been found only in the equatorial region and
that too only rarely. ,

Exosphere : This is the outermost region of the atmo-
sphere. The air density in this region is very low resulting in
very long mean free path of the atmospheric particles. Hen
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the particles may escape from the carth’s environment; However,
the charged particles are not allowed to escape due to the earth’s
magnetic field. The temperature of the lower part of the region
is about 1750 K and that of the upper part is about 10000 X.

Exercise 8.4

L. What are the different regions of the atmosphere ?
2. What are the differem parts of the ionosphere ?
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8.5. AURORA BOREALIS AND
AURORA AUSTRALIS

8.5.1. AURORAS

It has been mentioned in article 8.2.2. that the charged
particles thrown out from the sun’s surface during the solar flare
bring about spectacular displays at high altitudes in the polar
regions. Such displays afe in general called the auroras. At
places very far north or south they can be seen on almost any
night. The auroras of the northern region aré known as Aurora
Borealis while those. of southern hemisphere are called Aurora
Australis. They appear in a variety of shapes (Fig. 8-2). An
aurora sometimes appears with long rays like search lights. It
may appear like a curtain of many colours. Though aurora takes
many colours like flaring red, green, yellow or rose, often it takes
a Juminous greenish white The appearance of aurora cannot be
predicted in advance. Usually they are more likely to ‘appear
before midnight than after midnight.

8.5.2. CAUSE OF AURORAS

As already mentioned, the aurora is a result of solar flares.
As the charged particles, chiefly the slow-moving protons emitted
from the sun during the solar flares enter the earth’s atmosphere,
they are accelerated by the earth’s magnetic field. These fast-
moving charged particles collide with the atoms of the atmos-
pheric gas and make them glow giving vise to auroras.



Fig. 8-2 (a)
Auroras (some views)




Fig. 8-2 (b}
Auroras (seme more views)



Fig. 8-2 (¢)
Auroras (some other views)
Exercise 8.5

o What are auroras ? How are they caused ?

8.6 THE UNIVERSE
8.6.1. INTRODUCTION

The vast space that surrounds us is called the universe. The
earth, its satellite, the moon, the planets in our solar system, the
sun and the millions of tiny stars are all tiny little specks of the
universe. When we Jook high up, in trying to peep through the
earth’s atmosphere during clear nights we see millions and
millions of stars always twinkling as if smiling at us. Do
we have only that much of stars as our unaided eyes are able to
show us ? Are those tiny little sources of light really as tiny as we
observe them ? Not at all. A powerful telescope will show that
there are actually many more stars besides those visible to the
unaided eyes. Again the telescope will also show that they are
really very large, many times larger than the sun itself. Some
of them are actually clusters of millions and millions of indi-
vidual stars, extending to millions and millions of kilometred in

Phy~18 5



m

space. Such elusters of stars are called the galaxies, ‘Their
apparent smallness is dua to their very large distances from us.

8.6.2, SIZE OF THE UNIVERSE

The sizes of the galaxies and their distances as well as the
wars arc so large that units such as kilometres used in terrestrial
measurements eannot be used and new units are jo be involved,
Qne such convenicnt unit is known as the light year. One light
year Is the distance that light with its-incredible velocity of 300
million metres per sec, (300X 10° mfs or 3x10° km/s) would
travel in one year, It is equivalent to 9460 X 10**m. Qur teles-
copes can reach into the universe upto a distance of 3,000 millian
light years, i, ¢., our telescopes can show us the stars from which
light has already started 3000 million years ago. The extent to
which we can reach jnto the space with our instruments of

limited eapacities is known as the observable ,universe. The
actual universe is really limitless,

The observable universe thus consistsof a large number of
eggregations of matter in large and small scales. The largest
aggregations are cailed the super galaxies which are really groups
of independent galaxies spread out to enormous distances such as
thousands of light years,

Exercise 8.6
). What are galaxies ?

2. What is a light year ?

8.7 THE GALAXIES
8.7.1, INTRODUCTION

As already mentioned, though the galaxies are clusters or
groups of stars, they are not so simple in structure. They are really
complex organizations consisting of millions and millions of stars,
nebulae i.c., gas and dust particles of the average size between

10-"m. to 10-* m. There are also galaxies observed with no gas
and dust,

From a consideration of the appearances, the galaxies are
broadly divided into three classes viz. (i) elliptical galaxies, (ii)
spiral galaxies and (iii) irregular galgxics,
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The elliptieal galaxles ars in fact spharical in appearancs,

A spiral galaxy consists of a bright circular or elliptical nueleus

from which two or mere arms of approximately spiral shape

emerge coiling round the nucleus. The third class of galaxies,

i.e. the irregular galaxies, as the name itself indicates, does not

Fig. 8-3 ()
Elliptical galaxy NGC 147 in Andromeda constellation,
This galaxy does not contain any gas or dust.

L2 . ¥

Fig. 8-3 (b) (1)
M 101 in Ursa Major constellation-spiral galaxies
possess eny regular shape. Fig. 8-3 shows some of the examples

of the different classes of galaxies.
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< Due to the limlted power of our instruments it is irﬁ’pfﬁssib
A0 say anything about the number of galaxies in the universe,

i Fig. 8-3 (b) (ii)
M 51 in Canes Venatici constellation-spiral galaxies

%

. Fig. 8-3 (c)
Irregular galaxy-the large Magellanic cloud

However, it is estimated that with the 200 inch telescope at
Mt. Palomas in California, it is possible to record a2bout a
billion galaxies, = -

~
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Our sun is actually a star belonging to the galaxy called the -
Milky way. The other galaxies are very far from us. The large
Magellanic cloud is one of the nearest galaxies to our own galaxy
and is at a distance of about 72000 light years from us. Compare

this distance with the distance of 8 light minutes which separates
us from our sun!

8.7.2. THE MILKY WAY—THE GALAXY TO WHICH
WE BELONG

Looking at the sky on a clear moonless night, we will see a
broad band of luminous haze extending from horizon to horizon
across the sky. This is popularly known as the Milky way on
account of itsappearance. Since we are situated in this galaxy
it is impossible to know its shape by optical telescopes, However
observations with the help of radio telescopes have revealed that
it belongs to the class of spiral galaxies like M 101 [Fig. 8-3(b) ()]
It has been estimated that it has a diameter of about 150000 light
years and a maximum thickness of about 20000 light years at the
centre. Our sun is in one of the spiral arms at a distance of
about 30 000 light years from the centre.

8.7.3, CONSTITUENTS OF GALAXIES

As already mentioned the galaxies in general consist of a
number of stars, A galaxy of the size of our galaxy contains
about a hundred thousand milhon (103%) stars, As can be seen
from the pictures of the galaxies, these stars are not distributed
uniformly. They have a tendency to collect together  Such cols -
lections are called clusters.

And then what about the space in which the stars are found?
Do they just exist in vacuum or is the space filled with some form
of matter ? Observations show thit the stars are situated in an
extremely thin gaseous medium. Sometimes the gaseous medium
also contains extremely minute particles of solid matter, Such
particles are called the ‘Interstellar dust’. )

Observations through radio telescopes indicate that the
gaseous medium is generally composed of neutral atwms of
godium, cslcium, potassium and iron, ionised calcium and tita-
nium, mulcenles of cynogen and hydrogen. Hydrogen is the
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thost abundant in the interstellar gas. The density of the ga
is very low. The average density lies between 10-2%¢p 1022
kg/m® orin terms of atoms 10° to 10 atom/m® i.e. 1to 10D
atem/c.c. These densities are about a ten thousand million:h of
the densities obtainable in the most perfect vacuurn which can be
produced in the laboratory. Hence the interstellar space may be
taken to be more or less a vacuum, However, taking into consi-
deration the enormous space the interstellar gas occupies, its total
mass in a galaxy is comparable to the total mass of stars contai-
ned in it, It is estimated that nearly half of the matter of a
galaxy is in the form of such gas and dust while the other half is in
the form of stars. We have already seen that a galaxy contains
about hundred thousand million stars. Hence the total mass of
matter contained ina galaxy will be equal to the total mass of
two hundred thousand million stars, It is learnt that the mass of
the sun is 2 X 10%" tons. We can now imagine what enormous
amount of matter a galaxy contains,

8,74, EXPANDING UNIVERSE

Are these galaxies at rest ? Observations indicate that afl the
observed galasies are in rotation. However, they are not rotating
88 & whole like the wheel of a cart. The different parts rotate
with different speeds. Those parts near the centre move with
greater speeds than those farther away from the centre. Itis
estimated that the stars in our galaxy near the sun make one

complete round about the centre of the galaxy in about 225 mil-
lion years. C

An analysis of the spectra of the light emitted by the galaxies
also indicates that the galaxies are receding from us. This leads
to the concept of what is called an ‘expanding universe’.

Exercise 8,7

1. State the different types of galaxies with examples,
2. Write a note about our galaxy,

3, What are the constituents of a galaxy ?



54

8.8. THE STARS
8.3.1. TYPP6 OF STARS

A star may be, described as a huge, more or less spherical
mass of glowing gas held together by gravity, Some stars are
large, and some small, some hot and some comparatively cooler,
Some produce a large amount of radiant energy which pours out
into space,

There are three important types of stars viz, (i) double and
multiple stars, (ii) intrinsically variable stars and (iii) novae and
supernovae.

In & galaxy there are only a few single stars like the sun.
Recent estimates have shown that about 80 percent of the swars
are either double stars (binaties) or multiple stars, The binary
stars are pairs of stars moving round their common centre of gras
vity in stable equilibrium. An intrinsically variable star shows
variation In its apparent brightness. This is due 1o the fluctuas
tions in the energy radiated by it per second.,

It is observed that occasionally some stars suddenly attain
extremely large brightness that they may be seen even during day
time and then slowly fade away. Such stars are called novae,
Supernova is a large nova. So far about 100 novae have been
recorded. The most brilliant nova was ebserved by Tycho Brahe
in 1572,

8.8.2. CLASSES OF STARS

We see a star by the light it emits. A close observation of
the stars will reveal that the stars appear in different colours,
Based on their colours and hence their temperatures, the slass are
divided into 10 broad classes as O, B, A, F, 6, K, M, R, N, and
S, The temperature decreases progresively from O to S Only
very few stars belong to R, Nand § classes. The colours and
temperatures of the other classes of stars are listed in the tabular
coloumn,

The sun belongs to class G and has an effective temperature
of 6000 K.

Having sten something about the universe and 1ts contents,
one may wonder as to how the universe and the stars are formed,
A brief answer to this qQuestion may be found in the &allawmg
wstmm v
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Table 8.1. Colours and Temperatures of Stars

‘Class | Colour ’ Effective Temperature in K
o Blue 25000
B Blue white 12000—25000
A White 8000—11000
F Straw 6200 — 7800
G Yellow 4600— 6000
K Orange 3500—~ 46QQ
M R-ed 2600— 3400

Exercise 8.8

1. State the classes of stars. Give their temperatures and colours.

89 THE EVOLUTION OF THE
UNIVERSE

8.9.1. INTRODUCTION

~ Considering the origin of the universe there are at present
two theories viz. (i) the Evolutionamy theory or the Big Bang
theory and (ii) the Steady State theory.

8.9.2 THE EVOLUTIONARY THEORY

The evolutionary theory is based on Einstein’s General théory
of Relativity and was developed by Abbe Georges Lemaitre.
According to this theory, the universe was evolved from a single
atom which contained the entire matter of the present universe.
Evidently the matter must have been in a highly crushed and
unstable state. Consequently the atom should have exploded
with great violence resulting in 2 uniform distribution of the
matter in space in the form of hydrogen ‘gas. As time passed,
this gas might have settled down and condensations might have
started due to gravitational forces forming the difierent galaxies,
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8.9.3. THE STEADY STATE THEORY

The steady state theory was proposed by the British scientists
Fred Hoyle. H.Bondi, T.Gold and W, H. McCrea. This is based
on the assumption that the universe presents the same appearance
at every instant. However, due to the receding away of the
galaxies, the universe must be thinning out 1ln order 10 over-
come this difficulty it is proposed that new matter 1s being conu.
nually created at the rate of one hydrogen atom per 45 x 107¢c.¢
in 100 years.

Exercise 8. 9

1. Explain the (i) Big Bang theory and (ii) Steady siate

theory of the origin of the universe

8.10 THE BIRTH AND DEATH OF .
A STAR

8.10.1. THE BIRTH OF A STAR

It has already been mentioned that the seemingly empty
space of the galaxies are really filled with gas and dust particles.
This gas and the dust particles form the raw material in the
evolution of a star. Under suitable conditions a gas cloud may
become unstable and begin to contract due to the gravitational
forces between them. Such a contracting clovd, called a protosiar
releases gravitational energy. Part of the gravitational energy is
radiated while the rest goes to increase the temperature
and hence the pressure inside the cloud. The contraction conti-
nues till a delicate balance is reached between the increasing
pressure trying to expand the cloud and the gravitational force
contracting it. At this stage the temperature is sufficiently high
(about 10 million degrees) to start a thermo-nuclear reaction
(nuclear fusion) which then takes up the work of creating energy
for the star to radiate. During the thermo-nuclear reaction, the
more abundant constituent of the star viz. hydrogen is burnt pros
ducing helium. Our sun is considered to be in this stage. , = - -

8.10.2 THE DEATH OF A STAR

When all the hydrogen is used up, the internal pressure cannot
be maintained and another gravitational contraction starts again
till the temperature rises to about 100 milhon degrees, *At  this
stage helium fusion starts, ‘producing carbon-oxygen ash, When
all the helium is used up, anether gravitatienal contraction seta



286

in taking the star toa highly crushed state. After this stagé
depending upon its initial mass, the star may continue to radiate
its stored-up energy til it cools down sufficiently and disappears
from sight or may explode resulting in a nova. According to the
world-famous astrophysicist Prof. S. Chandrasekar, this explo-
sion will take place when the initial mass is greater than 1:64
times the mass of the sun.

Exercise 8.10
1. Explain the birth and death of a star.

8.11. THE SOLAR SYSTEM
8.11.1. 1TS ORIGIN

So far we have been travelling millions and millions of light
vears through space in an attempt to learn about the distant
stars and galaxies. Now let us turn our attention towards our

sun which is also a star very near to the earth at a distance of
about 8 light minutes

Our sun is not alone but possesses a family ‘of comparatively
small celestial bodies called planets, satellities, -asteroids, comets
and meteors. The family is called the Solar system. In our
solar system, thete are nine major planets, thirty-one satellites
belonging to six planets and more than 1500 minor planets called
asteroids  The planets revolve round the sun in elleptical orbits
at the same time rotating about their own axes. They differ very
much in their sizes, rotation periods, temperatures etc. The
bames of the different planets together with their distances from
the sun, sizes etc., can be seen from Table 8-2.

8.11.2. McCREA’S THEORY

Let us now see how the solar systemn was formed. Any suc-
cessful theory about the origin of the solar system must accoum
for the following observations regarding the solar systems:

(i) Al the planets and satellites with the exception of outer
satellites of Jupiter and Saturn have a commen diregs
tion of orbital motion and their orbital planes are
practically coincident,
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(i) The inner planets viz. Mercury, Venus, Earth and Mar$
have small masses, high specific densities, low rotational
velocities and a few satellites while the outer planets viz.
Jupiter, Saturn, Uranus and Neptune have large masses,
low specific densities, relatively higher rotational velo-
cities and a larger number of satellites. Pluto isan
exception.

(iii) The sun, although it has more than 98 percent of the
total mass of the solar system possesses only 2 per cent of
the total angular momentum of the solar system.

Though a number of theories have been propased so far -
none of them is able to explain fully all the observed facts about
the solar system. However, the theory put forward by McCrea
in 1960 is worth mentioning here.

MeCrea’s theary is based on two well established results
about star formation. They are: (i) stars are formed in clusters of
several hundred members and (ii) the interstellar matter which
forms the raw material is in a state of random motion with velos
cities larger than the velocity of sound,

McCrea starts with the situation when the interstellar matter
is in the form of efoudlets moving in random directions. These
cloudlets grow bigger and higger just as the drops of mercury
collide with each other to form larger drops. When a sufficiently
large aggregate is formed, it will contract under gravitation
attracting other cloudlets moving near it. Such a condensation
is taken to be the main condensation forming the stars,

A stellar condensation described above captures only the
matter that falls on it at any stage. A cloudlet that has too much
of angular momentuny about the condensation will not be cap~
tured by it. Such a cloudlet will be captured by another condens
sation about which its angular momentum is small. Also some of

the angular momentum goes into the relative motions of the
condensations.

Qur sun being {a star is the result of main condensation.
Now the sun captures some of the cloudlets which are in its vicis.
nity and are revelving in the same plane and in the same way in
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the gravitational field of thé sun, However, the cloudlets on their
way are subjected to secondary condensations. When such con-
densations reach sufficiently large size, they contract due to grae-
vitational force forming the planets, However, this theory does
not deal with the formation of satellites,

Exercise 8, 11

Y. Explian the McCreas theory about the origin of the solar
system, /

2. Name the planets of the solar system,

8.12, RADIQ ASTRONOMY

8.12.1, INTRODUCTION

Radio astronomy is that branch of science wherein the
universe is explored with the help of radio waves emitted by the
celestial bodies. Until about three decades ago the only means of
exploring the universe was the optical telescope using radiations
in the wavelength range from 390 nm to 750 nm (nm=
10-°m). This range includes ultraviolet, visible, and infra red
radiations. Radio astronomy provides an additional range of
wavelengths from a few centimetres to about 10 metres.

The birth of radio astronomy is quite an accidental one like
many other scientific discoveries. The first discovery about the
radiowaves arriving at the earth from outer space was accidens
tally made by Karl. G. Jansky in 1932 while he was measuring the
general noise level for the construction of short wave receivers for
long distance communication. He discovered that the noise of
the greatest intensity always came from a fixed direction which
was later found to point towards the centre of milky way galaxy.
This was followed by another accidental discovery by British
military authorities durmg World War I about the radio waves
from the sun,

8.12.2. RADIO TELESCOPE

The instrument used for the reception of the radio waves emit-
ted by the celestial bodies is called the radio telescope. A radio
telescope is a very powerfultool of observation. However the optical
tclescope is still made use of to recognise the object which emits
radio waves. During the last two decades, some very large and

spectacular radio telescopes have been built and arc engaged
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in the task of exploring the universe. There isone very large
radio telescope at Muthorai, a village near Ootacaminnd in
Tamil Nadu built by TIFR. It was entirely designed and cons-
tructed by the Indian scientists using mostly indigenous material,

A radio telescope is basically the same as a domestic radio
teceiver but with the Joud speaker replaced by an automatic recor-
der. Thus a radio telescope esesentially consists of three parts
viz, (i) an antenna or aerial to collect the radio waves, (ii) a radio
receiver to amplify and suitably detect or rectify the received
signal and (iii) @ recorder to record the detected signals, We
shall first briefly explain the receiver and then the antenna. ‘

As already mentioned, the receiver of a radio telescope per-
forms the functions similar to that of a domestic radio receiver.
However, these receivers must be extraordinarily sensitive as the
radio signals received are very weak. The antenna receives not
only the radio signal from the object under observation but
from other objects in the form of noise. The frequencies of the
signals are spread over a broad band. The receiver selects the
required signal and amplifies it employing a superhetrodyne
system. The amplified signal which is of oscillatory nature is
then rectified to produce unidirectional current. Thisis then
passed onto a pen recorder which records it in the form of curves
on 2 uniformly moving strip of paper or to magnetic tapes which
record the varying current in the form of varying current in the
form of varying magnetization. The tapes are then fed onto
computers for further analysis.

Considering the antenna, its function is to collect the radio
waves that fall on it. The antenna in general consists of a para-
bolic reflector which collects and focusses the radio waves onto
what are known as dipoles. The dipoles are nothing but two
metallic rods placed along a horizontal line with a gap between
them. The radio waves focussed on to the dipoles induce weak
currents of oscillatory nature and of the same frequencies as the
waves. These weak currents are given an initial amplification
and then passed onto the amplifier by coaxial cables.

As the radio waves are very weak in intensity, the antenna
should be very large and sensitive. High resolving power can
also be obtained by increasing the size of the antenna. This is
similar to the fact that, in the case of optical telescopes the light
gathcring power as well as the resolving power are increased by
wcreasing the aperture (diameter) of the objective. However,



291
there are other factors which set an upper limit to the size of the
antenna. For example, the telescope at Cambridge, England has
. got an antenna of about 1000 m leng: the enc at Jodrell Bank
~ observatory, Manchester, England, has a parabelic reflector of
about 76 m diameter, The antenna near Cotacamund, which

. is in the form of a cylindrieal paraboloid, has got a length of
. $29 m and a width of 30 m.

Fig. 8-4 o
A view of the antenna at Mathorai, Ootacamund i\ :
Courtesy ¢ TIFR, Bombay 2
8.12.3. THE ACHIEVEMENTS OF RADIO ASTRONOMY

. Though radio astronomy is almost a new-born child in the
family of science, it has enabled the astronomers to learn a lot
‘more about the universe than with the optical astronomy. New
celestial objects like quasars and pulsars are some of its very
interesting discoveries. The pulsars are celestial objects which
give out radio waves in the form of short pulses at regular inter.
vals.. They are now identified to be neutron stars which were
- predicted as early as 1930. Measurements on the radio waves
from the planets give information about the thermal and electri-
‘cal properties of the surfaces of the planets. Since radio waves
unlike light waves can ‘penetrate even clouds, radio astronomy
has enabled astronomers to examine the physical properties of
planets like Venus which are permanently surrounded by clouds.
It is only with the help of radio astronomy that we are able to
know about the shape of our galaxy.

Exercise 8.12
1. What is radio. astronomy ?
2. Explain briefly the working of a radio telescope.
3. What are the achievements of radio astronomy ?
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